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The frequency-changing valves used in radio receiving sets for broadcasting reception 
are not suitable for frequency transformation on decimetre waves. At these wave lengths 
a diode can be used to advantage for that purpose. The conversion amplification which 
can be attained with a diode is always less than unity and under the most favourable con- 
ditions may approach unity. For this a high impedance of the intermediate frequency 
circuits is necessary, as well as a high voltage of the auxiliary oscillator. Under these 
conditions the input and output resistance of the connections are also large, so that the 
oscillation circuits in connection are little damped by the frequency-changing circuit. 
Upon frequency transformation by means of a higher harmonic of the oscillator voltage 
the conversion amplification obtained is almost as large as upon the use of the fundamental 
frequency. It is, however, advisable not to go farther than the fourth or fifth harmonic. 
In the case of the diode frequency changers, developed by us, two diodes are connected in 
push-pull arrangement. Furthermore the valve contains a triode which serves for the ex- 
citation of the voltage of the auxiliary oscillator. This voltage is fed to the two diodes 
in the same phase, whereby a balanced intermediate-frequency voltage is obtained. In 
order to prevent as far as possible mutual effects of the oscillation circuits in the connec- 
tion, the greatest care should be devoted to the symmetrical construction of the connec- 
tions. In conclusion several particulars of the construction, which have been applied in 
order to improve the short wave properties of these valves, are discussed. 


The frequency transformation from high-fre- lation circuits in connection. As has already been 
quency oscillations to intermediate-frequency os- explained in previous articles in this periodical, 
cillations customary in modern receiving sets prac- the main causes of this damping are the self-in- 
tically always takes place in sets designed for broad- duction of the connection lines to the electrodes 
casting reception by means of a hexode, heptode and the transit time of the electrons *). The transit 
or octode. In these types of valves the high-fre- time of the electrons, moreover, sets an upper limit 
quency oscillations received and those of the auxil- to the frequency region in which conversion am- 
iary oscillator are fed to separate grids, by which _ plification can be attained, just as is the case in 
means any mutual influence of the oscillation cir- high-frequency amplification. The aim of this 
cuits connected to these grids is avoided as far article is to show that on decimetre waves a 
as possible. By a suitable choice of working con- diode can be used advantageously as frequency 
ditions, with the frequency changers mentioned changer. 

a large value of the ratio of the intermediate- In conjunction with this we shall give a descrip- 
frequency A.C. voltage obtained to the high- tion of a type of frequency changer for short waves 
frequency A.C. voltage fed to the frequency changer developed by us in which the frequency trans- 


(conversion amplification) can be obtained. For formation takes place by means of a diode, while 
at the same time a triode is also built in which serves 


the reception of very short waves (decimetre waves), 
for the excitation of the auxiliary oscillator voltage. 


however, the “normal” frequency-changing valves 
are unsuitable. The main objection to the use of a The diode as frequency changer 
multigrid valve as frequency changer on decimetre Theriritiple of the diode frequency-changing 
waves lies in the very strong damping effect which 
this valve exerts on the input and output oscil- 


1) Philips techn. Rev. 1, 171, 1936, 3, 103, 1938. 
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stage is represented in fig. 1. The arrangement con- 
sists of a connection in series of the diode with two 
sources of A.C. voltage, one of which furnishes the 


Ej sinwjt 


Fig. 1. Diagram showing the principle of a diode frequency 
changer. 


high-frequency voltage, KE; sinw;t and the other 
the voltage of the auxiliary oscillator Ep sinwnt. 
In practice E; is always small compared with Ep. 
Furthermore in the series connection are included 
a source of D.C. voltage V and an impedance con- 
sisting of an oscillator circuit which is tuned to the 
difference frequency w) = wh—wj. This means that 
this impedance is very small for all frequencies 
except @ , for which it forms a pure resistance Ro. 
On the resistance Ry, therefore, only an A.C. voltage 
with the frequency w,) can act; we call this voltage 
the intermediate-frequency voltage E,). The ratio 
of E, to Ej is called the conversion amplification. 
We shall first examine the magnitude of this con- 
version amplification. 

In fig. 2 the characteristic of an ordinary diode is 
represented. The current which flows in the diode 
when a D.C. voltage is applied between anode and 
cathode is plotted vertically. The voltage in question 
is indicated along the horizontal axis. Thus when a 
negative D.C. voltage V is applied to the diode no 
anode current flows in the valve. We shall now 
first assume that besides this D.C. voltage V only 
the oscillation voltage Ep, acts on the diode, and 
that this voltage is so high that a certain anode cur- 
rent flows only during a very small part of a period. 


60 
HA 


Fig. 2. Diode characteristic in which is indicated the D.C. 
voltage V and the oscillator voltage E, sinwpt. 
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During the rest of each period, therefore, the anode 
current is zero. The variation of the voltage on the 
diode as a function of the time is represented in the 
lower part of fig. 2. 

At each point on the characteristic the diode has 
a certain slope for a small A.C. voltage, such for 
example as the signal voltage E;. From fig. 2 there- 
fore one finds a definite variation of this slope as a 
function of the time. In fig. 3 the result of such a 
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Fig. 3. Variation of the slope as a function of the time upon 
the application of an oscillator voltage E;, and a D.C. voltage V 
to a diode with a characteristic as in fig. 2. 


construction is given. The slope is here plotted 
vertically in microamperes per volt, while the ho- 
rizontal axis is a time axis on which 27 represents 
one period of the oscillator voltage. This variation 
of the slope as a function of the time can be ap- 
proximated very well by a set of triangles, as shown 


in fig. 4 *). The base of these triangles, 26, is smaller 


Fig. 4. Approximation of fig. 3 by triangles. 


the shorter the time during which current flows in 
the diode, compared with a period of the oscillator 
voltage. Since the use of the approximation in 
question simplifies the following considerations 
exceedingly, we shall in the following assume that 
the variation of the slope as a function of the time 
takes place according to fig. 4, and we shall call the 
function s(t). Like every periodic function s(t) can 
be written in the form of a Fourier series 


which here has the form 


_ 8(t)=Ay—A,cos wpt+ A,cos 2wpt—A,cos 3ant-+... (1) 


When we call the maximum slope attained in every 


*) See M. J. O. Strutt, Diode Freque Ghar ey 
less Eng. 13, 73, 1936. Cuericy Vaan rts Nice 
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period sax, we can calculate the following values 
for the quantities A of the series (Gg 


1 b 
Ay = re Smax 9 ° 

2 1—cosb 
A, = — Smax — 7 anes 


N 
2 l—cos 2b 


A, = = Smax ca eee 9 
2 l—cos 3b 
A, = ie Smax ie ’ 


etc. 


If now in addition to the oscillator voltage Ep, 
the high-frequency voltage Ej; is also applied, an 
alternating current will flow in the connection which 
contains components with different frequencies. 
One of these components will have the frequency 
@ and this will cause the occurrence on the tuned 
impedance Ry of the required intermediate-fre- 
quency E,. If the amplitude of the A.C. component 
with the frequency wy is equal to ig, then 


TEER aos B22 (8) 


The magnitude of i, can be found by considering 
that now, in addition to the oscillator voltage, two 
small A.C. voltages act on the diode, namely Ej 
with the frequency @; and E, with the frequency wp. 
The alternating current which occurs as a result of 
these two voltages is given by the product of the 
slope and the sum of the voltages mentioned, thus 


i = s(t): (Ejsinajt + Egsinayt). . . (4) 

From the series for s(t) only those terms are im- 

portant which furnish an A.C. component with the 

frequency Wp. These are, firstly, the term 49, which 

multiplied by EF, sin wot, gives Ay sin wot, and 

secondly, the term —A, cos wat, which, multiplied 
by Ej; sin wjt gives: 


—A, cos wat + Ej sinw;t = 
= 1/,A,Fj } sin (wh—oi)t —sin(wn + wi)tt. 


Since w@p—wi = Wo, a term with the frequency 
is also formed from this. The total A.C. component 
with this frequency is therefore: 


iy sin Wot = AE, sin wot + 1/,A,Eisin wot. - (5) 
From (3) and (5) it follows that 
E, tio 
2 oem emer) (6) 
nea, 
Pete 


Since the phase of the intermediate-frequency 
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voltage obtained is of no importance, we give as the 
conversion amplification ac, the absolute value of 
the ratio of E, to Ej, thus: 


ih 2) es | oR i), 
R, + Ay 

With the help of this last equation we shall now 
make an estimate of the magnitude which ae can 
attain. 

According to (1) A, is the average value of the 
slope of the diode calculated over one or more 
periods of the oscillator voltage. It is therefore the 
average conductivity of the diode for every small 
A.C. voltage which acts in the diode in addition to 
the oscillator voltage, thus for example for Ej or E. 
The reciprocal value of this conductivity is called 
the internal resistance rq of the diode. This quantity 
thus depends upon the D.C. voltage V and the os- 
cillator voltage Ky. According to the above 


7 bee ee Ce canton i (s9 
Td 


From (2) and (8) it follows that 


1 4(1—cos b) 
Ajae Ta eer e Nte tf) 
Td b? 


while by substitution of the last two equations in (7) 
the following is obtained: 

Ths 2 (1—cos 6) 
tx Ry + rd b? 


(10) 


ac 


When, as is usually the case in practice, we are 
concerned with a fairly large oscillator voltage 
amplitude Eh (several volts) and we choose the D.C. 
voltage V so large that current flows in the diode 
only during a very small part of a period of the 
oscillator voltage, 6 is small compared to 7 and 
the second fraction in (10) approaches unity. The 
conversion amplification is therefore then 


Ro 


ee ee il 
oer (11) 


ac 


From this we see that a; is always less than unity. 
If, however, a very large value of Ry is used (inter- 
mediate-frequency circuit of very good quality) a 
conversion amplification can be obtained which 


differs only slightly from unity *). 


8) Although for ac<1 one may not actually speak of a con- 
version amplification, for the sake of uniformity we 
shall retain the expression for all values of ae. 
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When the tuned impedance Ry on which the intermediate- 
frequency voltage E, occurs is not included directly in the 
series connections as is represented in fig. 1, but via a trans- 
former, a conversion amplification greater than unity can be 
obtained. The extent to which this increase in the conversion 
amplification is possible depends upon the ratio between the 
internal resistance, which the frequency-changing connection 
exhibits for intermediate frequency, and the value of Ry. Since 
R,, the resonance resistance of an intermediate-frequency 
circuit, will often be considerably larger than the internal 
resistance of the frequency-changing connections for inter- 
mediate frequency, this means of obtaining a greater conver. 
sion amplification may often be applied. We shall return in 
the following to the calculation of the above-mentioned inter- 
nal resistance. 


In the reception of very high frequencies (deci- 
metre waves) the excitation of the oscillator voltage 
En with a frequency practically equal to that of the 
input signal may offer difficulties, either in that the 
desired magnitude of several volts is not attained 
or that the frequency is not sufficiently stable. In 
such a case use is often made of an oscillator voltage 
with a frequency several times lower. The inter- 
mediate frequency then occurs as the difference in 
frequency between the input voltage and a har- 
monic of the oscillator voltage. In the types of the 
frequency-changing valves used in broadcasting 
receivers this method of frequency transformation 
under normal working conditions is always accom- 
panied by a considerable luss of conversion ampli- 
fication. It is, however, easy to understand that 
this need not be the case upon the use of a diode. 
If we apply this method of frequency transforma- 
tion, then wy) = 2wp—aj or My = 3Mh—i, etc. If in 
equation (4) we again take only those terms of the 
series for (s(t) which furnish an A.C. component with 
the frequency w ,, then instead of —A, cos wnt we 
must use the term A, cos 2wpt or —A, cos 3mpt,ete. 
Instead of A, we then have everywhere A, or As, 
etc., so that the conversion amplification becomes 


"/oAe oA 3 


1 
ei esae | pe 
Ry =k 0 hn = Ay 


ac = OLe Ge — etc. 


Lae 


Now for very small values of b the coefficients A,, 
A,, Ag, etc. of the series (1) all approach the same 
value, namely 6.sy,ax/, which shows that with 
sufficiently small values of b the application of this 
manner of frequency transformation does not mean 
any depreciation in conversion amplification in the 
case of a diode. For use at very high frequencies 
this property is especially important. Since the 
coefficients A, approach the limiting value men- 
tioned with increasing value of n more slowly upon 
decreasing b, in practice in frequency transformation 


Volo 16.7Noz 10 


by means of a higher harmonic than the fourth 
or fifth an appreciable decrease in conversion am- 
plification will, however, occur. 


Practical realization of the connections 


As described in the above the D.C. voltage V 
applied to the diode must be about equal to the 
amplitude Ep, of the oscillator voltage. In practice 
the voltage V is formed by allowing the diode 
current to flow through a leakage resistance. Con- 
nections for this are indicated in fig. 5. The high- 


Fig. 5. Connections of a diode as frequency-changing valve. 


frequency voltage is taken from an oscillator circuit 
coupled with an aerial, while the oscillator voltage 
is induced in a coil in the cathode connections. The 
condenser C has such a large capacity that it re- 
presents practically no impedance for the alternating 
currents occurring. The D.C. component of the diode 
current, however, flows through the leakage resist- 
ance R, and causes the occurrence of the D.C. volt- 
age V therein. With a sufficiently large value of 
Ri, V—V, will be almost equal to the amplitude of 
the A.C. voltage Ep. 


The part of a period of the oscillator voltage during which 
current flows in the diode, thus the angle b of fig. 4, can easily 
be determined approximately from the size of the leakage 
resistance and the properties of the diode. For this purpose 
the diode characteristic is approximated by a straight line. 
The reciprocal of the slope of this line is called the statically 
measured internal resistance Rq of the diode ( fig. 6). If we call 
the negative voltage at which current just begins to flow in 


ae 6. Approximation of the diode characteristic by a straight 
ine. 
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the diode, Vy, then during the short time that current flows 
through the diode that current is given by 
Ej, sin wat — (V—V) 
Ra 


The charge flowing through the diode during one period 
is 
(Maz + b)/eo 
Esha) ab 


A (Lay V—V, 
ie ae & sin b + ine b). 


(/s2-B)/o 
This charge is equal to that which flows through the leakage 


- , ; V In 
resistance Rj in a period, namely aE therefore 
1 Mh 


If one considers that (V—V,)/E, = cos b, after some work 
one finds 


RAREST Ye atlases 


ts V=V,-—RI 


If, as is usually the case, one sets V, <« V, this equation may be 
simplified to 


tgh—baa pte (14) 


If b is known, the value of V—V, is found from the condition 
V—V, = Encosb, and with the help of (14) it may be seen 
that upon increasing the value of R; the D.C. voltage V—V, 
actually does lie closer and closer to En. 


In the practical application of the connections 
the input and output damping of the frequency- 
changing stage are important as well as the con- 
version amplification. The input damping is given 
by the resistance of the part of the connection to the 
right of points J and 2 in fig. 5 for the frequency «j. 
The latter is again found from equation (4) by taking 
this time from the series for s(t) the terms which 
account for the occurrence of the frequency «i. 
These are again the term Ay, which, multiplied in 
Ej sin wit, gives Ak; sin wit, the 
—A, cos wat which multiplied by E, sin wot gives 


and term 


—A, Fy sin wot - cos wat = 
=e 4/24, Eo } sin (Wh—Wy)t —sin (MA + Wo)t : 


Since wi = Mh—W , the current component with the 
frequency «j is 


ij sin wjt = A, Ej; sin wit + 1/,4,E, sin wit. 


According to equation (6) 


FE, = —k; : 


For the resistance of the part of the connections 
to the right of points J and 2 for the frequency «; 
we now find: 
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vf Ei — YR, + Ay 

ib 4 Eten: B 

Ag —3/,Ae R 

0 
Now according to (8), 4) = 1/rg, while according 
to (9) with the small values of b occurring in prac- 
tice A, approaches 2/rg. If we substitute this in the 

last equation we find that: 


ri = ta + R, (15) 


or, in words: the resistance with which the fre- 
quency-changing circuit damps the input circuit 
is equal to the sum of the internal resistance of the 
diode and the resistance of the 
frequency circuit (or of the primary side of the in- 


intermediate- 


termediate-frequency transformer) for the output 
frequency. The degree to which the input circuit 
is damped in these connections thus depends upon 
the construction of the intermediate-frequency 
circuits. 

Since the input voltage Ej; and the output voltage 
FE, are in series in the connections, the same reason- 
ing which was followed above for the determination 
of the damping of the input circuit can also be ap- 
plied for the determination of the damping which 
the connections exert on the output circuit, thus 
on the intermediate-frequency circuit or trans- 
former. This resistance is therefore again equal to 
the sum of the internal resistance of the diode and 
the resistance which the input circuit represents for 
the frequency @;. If we call this last resistance Rj, 
then according to the preceding the resistance with 
which the frequency-changing connections damp 
the output circuit is given by 


To =Ta t+ Ri 


A change in the input circuit, for instance a shift 


(16) 


in its tuning over a given wave-length region, will in 
general cause a change in the damping of the first 
intermediate-frequency circuit of the set in question, 
and thus also a change in the selectivity. 


The value of r) given by equation (16) is identical with the 
internal resistance of the frequency-changing connections for 
intermediate frequency, which has previously been men- 
tioned in connection with the possibility of obtaining a con- 
version amplification greater than unity by connecting Ry via 


a transformer. 


The internal resistance of the diode according to 
(8) and (2) is given by 


1 25 


CS >” 
oe eae 


A large value of rg, and thus also of rj and ro, 
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can apparently be attained by making 6 small. Ac- 
cording to equation (14) a large value of the leakage 
resistance Rj is necessary for this purpose. Thus 
while the use of a large leakage resistance is fa- 
vourable in connection with the damping of the 
circuit connected with it, this cannot be carried 
too far. From equation (11) it may be concluded that 
a very large value of rd gives a decrease of the con- 
version amplification reached. In practice, therefore, 
in choosing the leakage resistance a compromise 
should be made between the conversion amplifi- 
cation obtained and the damping of the circuits 


in connection. 


The theory of frequency transformation given 
above is actually only more or less exact at frequen- 
cies which are not so high that the transit time of the 
electrons in a diode is important. Wave lengths 
shorter than 1 m, however, no longer satisfy this 
condition. Due to the inertia of the electrons a phase 
shift occurs between an A.C. voltage applied to the 
diode and the alternating current caused hereby. 
Thus for example the periodic variation in slope 
caused by the oscillator voltage will no longer be 
in phase with the oscillator voltage, and instead 
of fig. 3, a variation of slope will occur which is 
unsymmetrical with respect to z, 32, etc. Fig. 3 
can then no longer be approximated by a simple set 
of triangles as sketched in fig. 4. For all these 
reasons it is evident that an exact theory of fre- 
quency transformation by means of a diode at very 
high frequencies leads to very complicated calcula- 
tions. We shall therefore confine ourselves in this 
article to the reproduction of several results which 
were obtained with this type of frequency-changing 
valve on decimetre waves (see the following). 


Push-pull frequency-changing stages *) 


In our considerations of diode frequency changing 
we dealt always with connection with a single diode. 
Now it has already been shown previously in this 
periodical that in the solution of the problem of 
voltage-amplification at very high frequencies, ad- 
vantages can be obtained when use is made of A.C. 
_ voltages which are balanced with respect to earth. 
In this connection for example the high-frequency 
amplifier valve EFF 50 was designed as a push-pull 
amplifier valve °). 

Continuing on this line of thought the frequency- 
changing valve for decimetre waves was now also 
provided with two diodes, whereby frequency trans- 


*) See M. J. O. Strutt, Moderne Kurzwellenempfangs- 
technik, Springer, Berlin 1939, p. 182. 


5) Philips techn. Rev. 5, 172, 1940. 
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formation of A.C. voltages which are balanced with 
respect to earth is possible. 

Two A.C. voltages in opposite phase are thus 
applied to these diodes. If we call the high-frequency 
voltage on one diode 1/, Ej sin wit, then the high- 
frequency voltage on the other diode is —'/.Fjsinajt. 
As concerns the oscillator voltage, there are now 
two possibilities. The oscillator voltage can be fed 
to the two diodes either in phase or in opposite 
phases. Connections are given in fig. 7a and 6 for 
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Fig. 7. Diagrams showing the principle of a push-pull fre- 

quency-changing stage. 

a) Upon feeding the oscillator voltage to the two diodes in 
the same phase. 

b) Upon feeding the oscillator voltage to the two diodes in 
opposite phase. 


these two possibilities. In- the first case a single 
common cathode for the two diodes is found to be 
sufficient, while in the second case each diode is 
provided with a separate cathode. In the connec- 
tions according to fig. 7a intermediate-frequency 
voltages are obtained on both diodes which are in 
opposite phase with respect to earth, while in the 
connections according to fig. 7b, where in addition 
to the input voltage the oscillator voltage is also 
fed to the two valves in opposite phase, two inter- 
mediate-frequency voltages are obtained which have 
the same phase with respect to earth. This differ- 
ence between the connections of fig. 7a and b 
should be kept in mind in adding the intermediate- 
frequency circuit to the connections. 


Frequency changer for decimetre waves 


We shall now give a description of a frequency- 
changing valve with indirectly heated cathode, 
suitable for the reception of decimetre waves. In 
this valve two diodes in push-pull connection are 
used, while at the same time a triode for exciting 
the oscillator voltage is also built in. (For the ex- 
citation of the oscillator voltage two triodes in 
push-pull connection could also be used. In this 
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description, however, we shall confine ourselves 
to a type with one triode). 

For the sake of the simpler construction and con- 
nections the principle of fig. 7a was chosen. Fig. 8 


Fig. 8. Laboratory model of the diode frequency changer. 
Left interior view; right external appearance. The shielding 
which surrounds the triode is partly removed to show the in- 
terior. 


shows a laboratory model of this valve as well as 
a photograph of the interior of the valve. The com- 
plete connections of the valve as a frequency 
changer are shown in fig. 9. The oscillation circuit I 
is the high-frequency input circuit on which the 
high-frequency A.C. voltage acts which is fed to the 
two diodes via the condensers C and C,. The oscil- 
lation circuit is the circuit IJ, while [IJ is the 
intermediate-frequency circuit. The triode part of 
the valve, together with the oscillator circuit IJ 
forms an oscillator in the so-called three-point con- 
nection in which the division of voltage takes place 
by means of the internal capacities of the valve. A 
choking coil S, is included in the cathode connec- 
tion, on which an A.C. voltage with the oscillator 
frequency occurs. Since the cathodes of the triode 
part and of the diode part are connected to each 
other, the desired oscillation voltage occurs in this 
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way on the cathode of the two diodes. Choking coils 
(S,’ and S,’’) are also included in the two heating 
current lines. The intention is hereby to prevent 
the capacity between cathode and heating filament 
becoming connected in parallel with S,, which might 
cause a decrease in the impedance between cathode 
and earth, or lead to disturbing resonance phenom- 
ena. In order to eliminate the influence of any 
fluctuations in the capacity between cathode and 
filament a condenser is introduced between the two. 

The two intermediate-frequency voltages in op- 
posite phase which are delivered by the diodes are 
fed to the intermediate-frequency circuit III via 
the choking coils S,; and S,’. In series with these 
coils two large condensers are connected which 
prevent the leakage resistances Rj and Rj’ for 
direct current from being short circuited via these 
choking coils and the coils of the circuits I and I/I. 
The self-induction of S, and S,’ is chosen so great 
that they possess a high impedance for the frequency 
of the high-frequency voltage to be received, while 
for the much lower intermediate frequency the im- 
pedance of S, and S,’ is slight. The capacity of 
the condensers C and C, is kept so small that the 
condensers have a high impedance for intermediate- 
frequency A.C. voltages, while for the much higher 
frequency of the high-frequency A.C. voltage the 
impedance of C and C, is slight. In this way the 
oscillation circuits J and JII are prevented from 
affecting each other. The circuit JIJ can naturally 
also be formed by the primary circuit of an inter- 
mediate-frequency transformer. 

At wave lengths shorter than 1 metre the oscil- 
lation circuits J and II cannot as a rule be composed 
of a coil and a condenser. A system of parallel con- 
ductors (a Lecher system) is usually used for this 
purpose, which is provided with a sliding short- 
circuit bridge ®). The length of the conductors 
calculated up to the short circuit must then be 
adjusted approximately equal to an odd number 
of quarter wave lengths for the desired tuning 
frequency. 

By means of different devices the diode part as 
well as the triode part of this valve have been given 
the best possible properties for use on decimetre 
waves. In the first place the distances between the 
electrodes in both parts have been made as small 
as possible so that the transit time of the electrons 
is limited to a minimum. In the case of the two 
diodes the distance between anode and cathode 
amounts only to 0.15 mm. Furthermore the con- 
nections of the electrodes to the pins are made as 


Fig. 9. Connections of the diode frequency changer, in which 
the oscillator voltage is fed to the two diodes in the same 


phase. 6) Philips techn. Rev. 6, 241, 1941. 


short as possible. The triode part may be used as 
oscillator down to a wave length of 37 cm. Upon 
the use of for instance the fourth harmonic of the 
oscillator voltage, therefore, frequency transfor- 
mation can still be obtained at a wave length of 
about 9 cm. 

Special attention is paid to the damping which the 
valve exerts on the oscillation circuits connected 
to it. In addition to the damping which occurs 
when a given current flows in the diode, which we 
may call the active damping, and which in the first 
part of this article we have already calculated, there 
is also another source of damping present. Between 
anode and cathode of each diode there is a certain 
capacity; these capacities are connected in series 
with the input oscillation circuit. In series with 
these capacites is the resistance of the connection 
pins which may cause a considerable damping of the 
circuit in question. 

The ordinary material for the construction of 
connection pins is chrome-iron. Due to the skin- 
effect pins made of this material take on a rather 
high resistance on decimetre waves. This may for 
instance, for the part of a pin which runs through 
the glass wall, amount to as much as several ohms. 
In order to diminish these resistances the whole of 
the chrome-iron pin is copper-plated. The part 
which projects outside the glass is covered in ad- 
dition with a layer of silver. It has been found that 
the damping of the circuits connected to them 
is hereby appreciably decreased. It must still be 
mentioned that the short wave properties of the 
triode part can be considerably improved by con- 
necting the anode and (or) grid to two instead of 
- one connection pin. 


As has already been calculated, the conversion 
amplification which can be attained when the in- 
termediate-frequency circuit is connected directly 
and not via a transformer is always less than unity. 
With the valve described measurements of the 
conversion amplification and of the input damping 
in connections like those of fig. 9 were carried out 
at a wave length of the input signal of 1.2 metres. 
The oscillator circuit was here tuned to wave lengths 
of 2.4, 3.6 and 4.8 metres, so that the frequency 
transformation took place by means of the 2nd, 
3rd and 4th harmonic, respectively, of the oscillator 
voltage. If a leakage resistance Rj of 50 kilo-ohms 
was used and the intermediate-frequency circuit 
was tuned to a frequency of 30 megacycles/sec 
(wave length 10 m), conversion amplifications were 
measured of 0.63, 0.55 and 0.407), respectively. 
When the intermediate-frequency circuit was tuned 
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to a lower frequency, namely 10 megacycles/sec, 
it amounted to about 7 kilo-ohms. 
Fig. 10 shows an arrangement for measuring the 


Fig. 10. Arrangement for the measurement of the conversion 
amplification. 


conversion amplification. The scheme of this arrange- 
ment is represented in fig. 11. 
In the constructions of connection according to 


jig. 9 or fig. 11 special attention must be paid to the 


symmetry of input and output circuits and the lines 
connected to them with respect to earth. Only 
in the case of such symmetry is an absolute inde- 
pendence of the oscillator circuit IJ and the other 
two circuits assured. In order to make this clear 
several capacities present in the connections are indi- 
cated in fig. 12. Cg, and Ca, are the capacities of the 
two diodes, C,, C,’, C, and C,’ are the capacities 
of the wiring toward earth, while Ca, and Cok are 
the capacities of anode and grid, respectively, of 
the triode part toward earth. If C, and C, are equal 
to C,’ and C,’ then, since Cg, Cap, in the presence 
of an A.C. voltage between the extremities of oscil- 
lation circuit I, no A.C. voltage with the frequency 
oi will occur between the cathode of the frequency 
changer and earth. The high-frequency voltage will 
therefore have no influence on the oscillator circuit 
II. Conversely, in the presence of an oscillator 
voltage on the cathode, no A.C. voltage with the 
oscillator frequency will be able to occur across the 
oscillation circuit I. The circuit I and IT are thus 
entirely independent of each other. If on the con- 
trary C, and C, are not equal to C,’ and C,’, the 
foregoing is not the case. In the presence of an A.C. 
voltage between the extremities of circuit I there 
will also be an A.C. voltage on the cathode which 
also causes the occurrence of an A.C. voltage on the 
oscillator circuit IT via the capacities Cak and Cgk. 


*) Philips techn. Rev. 5, 172 and 257, 1940. 
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Conversely, an oscillator voltage present on the 
cathode can then also cause an A.C. voltage over 
the oscillation circuit I. The result is that a change 
in tuning of one of the oscillation circuits I or [I 
also affects the tuning frequency of the other 
circuit, which makes the adjustment very much 
more difficult. A second result is that the oscillator 
circuit IT is damped due to the presence of circuit I, 
whereby the oscillation of the triode part sometimes 


becomes more difficult. 
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voltage Ey with the frequency w, acts between these two 
anodes, E; must be measured with the help of a selective am- 
plifier (B in fig. 11) which only amplifies an A.C. voltage with 
the frequency w;. The measurement is made still more dif- 
ficult by the fact that the occurrence of an A.C. voltage with 
the frequency wm, on the oscillation circuit I can practically 
never be entirely avoided. On very short waves and in the 
case of frequency transformation by means of the first har- 
monic of the oscillator voltage, the difference in tuning fre- 
quency between the circuits J and IJ is only slight. This fact 
sets high requirements on the selectivity of the measuring 
amplifier in question. 


Fig. 11. Diagram of the arrangement for measuring conversion amplifications. 
$ I = high-frequency circuit, IJ = oscillator circuit, [JT = intermediate-frequency circuit, 
A = transmitter, B = selective amplifier for measuring the high-frequency voltage 


between the diode anodes, C = diode for measuring the intermediate-frequency voltage, 
M, and M’, = instruments for measuring the direct current in the grid resistances 
R; and_R;’. M, instrument for measuring the direct current in the diode C. 


The necessity of the symmetrical construction 
of the high-frequency circuit J, which was demon- 
strated above, is also valid of course for the inter- 
mediate frequency circuit IJI (fig. 9). Thus for 
example the choking coils S, and S,’ should be as 
‘similar as possible, while they should be mounted 
in the same way in relation to metal screens con- 
nected to earth. 


Fig. 12. Diagram of the diode frequency changer indicating 
the different capacities which play a part in the connections. 


The measurement of the high-frequency voltage E; which 

‘ acts between the two diode anodes should be carried out with 
great care on the measurements here in question. Since in 
addition to the A.C. voltage E; with the frequency @; the A.C. 


This amplifier is calibrated by determining the propor- 
tionality factor, with the oscillator switched off, between the 
high-frequency A.C. voltage on the diodes and the deviation 
of a measuring instrument connected to the amplifier. The 
voltage on the diodes is hereby determined from the direct 
current flowing in the leakage resistances. 


A complete series of valves for reception of decimetre 
waves 


With the development of the frequency-changing 
valve described, an entire series of electronic valves 
for the reception of decimetre waves has been com- 
pleted. The series consists of the following valves: 
the valve EFF 50 as high-frequency amplifier valve, 
the valve EF 51 as intermediate-frequency valve 
and the above described valve as frequency changer. 
A detailed description of the first two valves has 
already been given in this periodical §). 

The push-pull amplifier valve EFF 50 can be 
used as high-frequency amplifier approximately 
down to a wave length of 50 cm. To this wave length 


8) Philips techn. Rev. 5, 172 resp. 357, 1940. 
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therefore the complete series mentioned may be 
used. The wave-length of the intermediate-fre- 
quency oscillations may amount to from several 
metres to approximately one hundred metres. For 
wave lengths shorter than 50 cm the high-frequency 
amplification with the valve EFF 50 is less effec- 
tive. In such a case the frequency-changing valve 
described can be used as first valve in the receiving 
set. As was mentioned above, this valve can be used 
down to a wave length of about 9 cm. 


A diode frequency changer for battery supply 


In addition to the valve shown in fig. 8, a short- 
wave frequency changer for battery supply has 
also been developed. Due to the large heating cur- 
rent consumption which is always connected with 
the use of an indirectly heated cathode, the valve 
described is less suitable for battery supply. The 
battery frequency changer is therefore of the di- 
rectly heated type. The heating current for this 
valve amounts to only 200 mA with a voltage of 
1.2 volts, compared with 300 mA with a voltage of 
6.3 volts in the case of the indirectly heated type. 
Due to the fact that the filaments are strung in the 
shape of a W, the distance between the cathode 
_and the other electrodes cannot be made as small as 
in the case of the indirectly heated cathode. As a 
result the triode part can only be used as oscillator 
down to a wave length of 80 cm. The two diodes, 
however, still work at considerably shorter wave 


lengths. 
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Fig. 13. Interior of the diode frequency changer for battery 
supply. Part of the shielding which surrounds the whole has 
been removed. 


Fig. 13 is a photograph of the internal construc- 
tion of a laboratory model of the diode frequency 
changer for battery supply. In the photograph part 
of the metal shield which surrounds the two diodes 
and the triode is cut away. 
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THE FLICKERING OF SOURCES OF ELECTRIC LIGHT 


by P. J. BOUMA. 


621.32 


lhe variation of the light intensity during half a period of the alternating current (1/100 
sec) is given for different technical light sources. The degree is studied to which this Gharee 
in light intensity is observed as a flicker, a distinction being made between two cases, 
namely the observation of stationary and that of moving objects. In the first case it is 
found from measurements of the critical flicker frequency carried out under different cir- 
cumstances that in the case of light sources which burn on an A.C. main of 50 c/s the flick- 
ering of stationary objects can only be observed at extremely high brightnesses. In the 
second case the varying light intensity may much more easily cause trouble due to the 
occurrence of stroboscopic effects. The contrasts which are observed in the field of vision 
under such circumstances are calculated for different cases. 


Introduction 


When a source of electric light (incandescent 
filament lamp, gas-discharge lamp) is connected 
to an A.C. voltage, voltage and current and con- 
sequently the amount of light radiated, will exhibit 
periodic variations. Under certain conditions the eye 
is capable of observing the results of these periodic 
changes. The lamp in that case is said to flicker’). 

At what frequency does this phenomenon of 
flicker appear? In our discussion we assume that 
the lamp is always connected to an A.C. voltage 
of 50 c/s. If the oscillation time of 1/50 sec is 
divided into two halves of 1/100 sec, the same voltage 
variation takes place during each half, except 
for the sign. Most sources of light have the property 
that the current also shows the same variation in 
the two halves of the period except for the sign, 
and that the light intensity also varies in the same 
way in the two halves of the period. From this it 
follows that the number of periods of the flicker 
phenomenon will in general amount, not to 50, 
but to 100 ¢/s. 

Exceptions to this rule occur when the light 
source does not behave in the same way in the two 
phases of the A.C. voltage. This is the case when the 
lamp has a rectifying action (the light of mercury 
rectifiers), or when for instance in a gas-discharge 
lamp the two cathodes are not alike. In these cases 
flicker phenomena occur at 50 c/s. Since the 
latter frequency of flicker is much more disturbing 
than 100 c/s, an attempt will always be made to 
avoid such lack of symmetry. 


The variation of the light of several sources of 
light during the period of 1/100 sec. 


In figs. 1-5 may be seen the variation of the light 
during half a period of the alternating current 
(1/100 sec) for several types of light sources which 


1) Other flicker phenomena than the one here mentioned, 
such as the flicker of luminous flames, fall outside the 
scope of this article. 


were measured in this laboratory. The phase angle 
p (expressed in degrees) is plotted along the ab- 
scissa. As zero point of the measurement in each 
case the moment was chosen at which the light 
radiation is a maximum. As ordinate the ratio was 
chosen of the light intensity I at a given moment 
to the maximum light intensity I. 
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Fig. 1. Light variation of electric lamps during one half of a 
period (1/100 sec), in which the phase angle @ of the voltage 
increases from 0 to 180°. 


Fig.1 refers to gas-filled electric lamps. The 
variation here is practically sinusoidal. The magni- 
tude of the ripple of 100 c/s depends very closely 
upon the heat capacity of the filament; it may be 
seen that low-power lamps give greater variations 
than larger types. 

In fig. 2 are shown the curves of the light varia- 
ation for different mercury lamps” *). It may be 
seen that at very high mercury pressures (SP 500 W) 
the part of the period in which very little light 
is radiated increases rapidly. 

Fig. 3 refers to the blended light lamp ML 500 *). 
If the light intensity is measured in the direction 


2) Philips techn. Rev. 1, 129, 1936. 
3) Philips techn. Rev. 2, 165, 1937. 
4) Philips techn. Rev. 5, 341, 1940. 
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Fig. 2. Light variation of mercury lamps during half a period 
(1/100 sec) of the voltage. 4) Low-pressure mercury lamp. 
B) Type HP 300. C) Type SP 500 W. 


of the axis of the lamp, a much smaller variation 
is found than in a direction perpendicular to it 
(curves A and B). This is due to the fact that in the 
former direction the contribution of the ordinary 
electric lamps is relatively much larger than in the 
latter direction. Curve C gives the variation of the 
total light flux. 
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Fig. 3. Light variation of the blended-light lamp ML 500 during 
half a period (1/100 sec.). 

A) Measured in the direction of the axis of the lamp. 

B) Measured perpendicular to this direction. 

C) Average light variation. 


In fig. 4 may be seen the variation for low-pressure 
_ mercury lamps with luminescence (TL 1005)). If 
we compare these curves with fig. 2 (curve A), 
we see that the light intensity of the lamp TL 100 
varies much less: during the part of the period in 
which the mercury discharge itself emits no radia- 
tion at all, the luminescent substance emits, and 
thus partially fills up the sharp minimum of fig. 2. 
The extent of this filling up depends very much 
upon the choice of luminescent substances. 

Fig. 5 gives the light variation for the sodium 


5) Philips techn. Rev. 4, 337, 1939; 6, 65, 1941. 


PHILIPS TECHNICAL REVIEW 


Vol. 6, No. 10 


lamp SO 650°). The striking unsymmetrical form 
of this curve is a result of the very low sodium pres- 
sure at which the lamp works in order to obtain 
high efficiency. When the current is large, a large 
part of the sodium vapour is ionized and therefore 
can no longer emit the yellow lines, so that the 
latter are then only produced by a thin layer at the 
wall of the discharge tube, while inside it neon light 
is emitted. The formation and disappearance of 
this film on the wall does not take place symmetri- 


cally within a period. 
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Fig. 4. Light variation of luminescence lamps TL 100 during 
half a period (1/100 sec) of the voltage. A) Daylight lamp. 
B) Lamp with colour temperature of about 3500 ° (warm 
white). 


The light variation of a light source can also be 
determined by developing the curves of figs. 1-5 
into Fourier series: 


a s1+a, sin (wt+ ~,)-+-a, sin (2ct+2)+...§ - (1) 


In this series I is the light intensity at a given 
moment t; I the average light intensity; a,, a, .... 
the coefficients of the different Fourier compo- 
nents; w = 2a times the fundamental frequency 
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Fig. 5. Light variation of the sodium lamp SO 650 during half 

a period (1/100 sec) of the voltage. 
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8) Philips techn. Rev. 2, 353, 1937. 
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(here 1/100 sec) and ¢,, 2, . . . certain phase shifts. 
For the curves of figs. 1-5 we then find the values 
for d,, dj, a3 given in table I. 


Table I 
Kind of lamp ay ay a 

Electric lamp 110 W 220 V 0.0923 | 0.007 | 0.002 
Electric lamp 75 W 220 V*) | 0.123 | 0.003 | — 
Electric lamp 25 W 220 V*) 0.179 | 0.016 | — 
Low-pressure mercury lamp*) 0.82 0.078 | — 
Mercury lamp HO 1600 0.750 | 0.021 | 0.017 
Mercury lamp HP 300 0.890 | 0.021 | 0.006 
Mercury lamp SP 500 W 1.126 | 0.132 | 0.047 
Blended light lamp ML 500 
A) in the direction of the axis 0.244 | 0.016 | 0.024 
B) perpendicular to A direction 0.622 | 0.045 | 0.055 
C) average 0.433 | 0.030 | 0.040 
Mercury lamp TL 100 

Daylight 0.569 | 0.048 | 0.020 

Warm white 0.391 | 0.034 | 0.034 
Sodium lamp SO 650 0.710 | 0.068 | 0.098 
Sodium lamp SO 400 0.599 | 0.072 | 0.098 


*) E. G. Andresen, Das Licht 7, 235, 1937. 


The flickering of stationary objects 


Until now we haven spoken only of the purely 
physical phenomenon of the light variation within 
the period. As was mentioned in the introduction, 
one may speak of flickering only when the eye 
can observe the results of this variation. 

These results may be divided into two large 
groups: 

a) When a non-moving object is observed, under 
certain conditions the variations of the bright- 
ness of the object can be observed directly. 

b) When moving objects fall within the field of 
vision, stroboscopic effects can be observed: 
one sees for instance instead of a continuously 
moving rod, a whole series of separate stationary 
images of the rod. 

We shall first deal with the first group of phenom- 
ena. 

When the conditions (brightness, frequency of 
the flicker, magnitude of a,, ag, a3... ,etc.) are 
so chosen that a stationary object is seen to flicker, 
and the frequency is then steadily increased, the 
flickering will finally be seen to stop. The frequency 
at which the flicker phenomenon stops is called 
the critical flicker frequency. 

This critical frequency depends upon various 
circumstances. 

In the first place upon the form of the light varia- 


THE FLICKERING OF SOURCES OF ELECTRIC LIGHT 297 


tion during the period. From numerous experiments 
with different vibrational forms it has been deter- 
mined that only the quantity a, of formula (1) is 
important here: the higher harmonics (overtones) 
have no influence on the values of the critical 
frequency, unless one of the overtones is several 
times as intense as the fundamental. According to 
table I the latter is not the case for any of the com- 
monests light sources: the strongest overtones occur 
with the sodium lamp, but even here they do not 
amount to more than about 15 per cent of the 
fundamental. 

In connection with this property we may in the 
further investigation confine ourselves to a single 
definite vibration form. We have chosen the follow- 
ing light variation for this purpose. 

The brightness of the object amounts to B, 
during one half of the period, during the other half 
it is B,; the average brightness is therefore B = 
Yo (By + B,). 

In a preliminary series of observations B, was 
equal to zero. A circular white disc was chosen as 
flickering object. It could be observed within dif- 
ferent angles of vision and its centre was always 
focussed on. The surroundings of the dise were dark. 
Fig. 6 shows how under these conditions the critical 
frequency n depends upon the average brightness 
B and the magnitude of the angle of vision. 

The following was noted: 

1) n increases almost linearly with log B in the 
brightness region from 0.5 to 200 ep/m*, which 
is of greatest practical importance; 
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Fig. 6. Critical flicker frequency n (in c/s) as a function of 
the average brightness B, with circular fields of vision observed 
within angles from 0.9 to 39°. The brightness was equal to 
2B in the first half of a period and zero in the second half. 
The surroundings of the field of vision were dark. 
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2) as the field of vision is made greater a larger 
value of n is found. 

The first property is known under the name of the 
Ferry-Porter law. Only at very high and very 
low brightnesses do deviations from the law clearly 
occur. As to the slope of the straight sections of the 
curves drawn in fig. 6, there is surprisingly good 
agreement among the different authors. Thus for 
example in the case of very careful and detailed 
observations in Amerca’), for an angle of vision 
of 2°, slopes were found which varied between 10 
and 11, while in fig. 6 we find for 1.7° and between 
0.5 and 200 cp/m? an average slope of 10.8. 

The increase of n with the angle of vision is con- 
nected with the fact that the peripheral parts of the 
eye are more sensitive to rapid light changes than 
the centre of the eye. Furthermore we see from 
fig. 6 that we will practically never have trouble 


with the flickering of stationary ohjects when the 


light varies at 100 c/s. Even with the largest field 
of vision brightnesses of more than 1 000 cp/m? 
are necessary to be able to observe the flicker. The 
illuminated objects will never reach such bright- 
nesses (for a pure white object an illumination inten- 
sity of about 4000 lux would be required). The 
light sources themselves will, however, be able to 
exhibit such high brightnesses, but they are always 
seen within much smaller angles of vision, so that 
here also the critical frequency of n = 100 is never 
reached at the highest brightnesses. 

In a second series of observations B, as well as B, 
was varied. For the rest the observations were 
carried out in the same way with an angle of vision 
of 39°. The results were worked out in the following 
way. For a light variation as described above we 
find upon development into Fourier components 
that 


a, = — ———_— » 
a B,+B, 


Each observation thus provided us with a corre- 
sponding set of values for B, a, and n. The relation 
thus found between B, a, and n has the advantage 
that the results may be applied directly to a light 
variation of a different vibrational form. For B, = 
0, the first case investigated (fig. 6), we obtain the 
maximum value 4/7 which a, can take on. 

We here find the same result as from fig. 6, 
namely that a flicker with 100 c/s can only be 
observed at extremely high brightnesses and only 
for values of a, in the neighbourhood of 1. The 


") S. Hecht and C. D. Verrijp, Proc. Nat. Acad. Sci. 
19, 522, 1933. 
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situation would be quite different if the light varied 
at 50 c/s. If we then used for example a gas- 
discharge lamp with a, = 0.50, the flicker would 
already be visible at a brightness of abour 10 
cp/m2, i.e. when a piece of white paper was illumi- 
nated with about 40 lux, while if an electric lamp 
with a, = 0.20 were used, illumination intensities 
higher than about 150 lux would not be permissible. 
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Fig. 7. The brightness of a circular disc in dark surroundings, 
observed within an angle of vision of 39°, varies with the time 
according to the formula: B(t) = B(1 + a, sin 2ztn). The 
figure gives the values of a, (as a function of B and n) at 
which the flickering is just not visible. 


The lowest value of a,, which we can observe is 
found to be about 0.005 at frequencies of 20 to 
30 c/s and brightnesses of at least 100 to 1 000 
cp/m?. , 

In the investigations in the regions of very low 
values of a, the surprising fact is encountered that 
there are two critical frequencies; only in the region 
between these two frequencies can the flicker be 
observed. Upon further consideration this property 
is obvious: if the light intensity is made to vary 
extremely slowly, we will no longer be able to 
observe the variation. With high values of a, 
and of the “upper critical frequency” n the “lower 
critical frequency” lies much lower than n; in the 
region of low values of a,, however, the two critical 
frequencies lie closer and closer together and finally 
coincide at a, ~ 0.005, so that the flicker region 
then disappears entirely. 


The flickering of moving objects 


In the foregoing it was found that with a varia- 
tion of the light intensity at 100 c/s there is no 
danger of the occurrence of flicker with stationary 
objects. On the other hand it is well known that at 
the same frequency moving objects can be seen 
to flicker, in other words stroboscopic effects. 
can be observed. 

This phenomenon is considerably more compli- 
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cated than that of the flicker of stationary objects; 
this complexity is due especially to the large number 
of variables which must in these cases be taken into 
account. In the theory of the phenomenon which 
will be developed below we shall in many respects 
be compelled to submit to restrictions. We begin 
with the common method of determining “whether 
or not a light source flickers”, i.e. we take a light 
coloured, preferably glossy rod (pencil, scissors) 
and move it rapidly back and forth to see if we 
can observe separate images. If this process is put 
into a somewhat more mathematical form, it runs 
as fellows. Move a rod of thickness d over a uni- 
formly illuminated background with the velocity v. 
Let the rod take on a brightness B and the back- 
ground the brightness B, (B > B,) with an illu- 
mination of 1 lux. Rod and background are both 
iluminated by a light-source of which the variation 
of the light intensity during the period T is known. 
The quantities required are the contrasts which are 
seen to appear in the field of vision. 

As to the variation of the light intensity, we shall 
confine ourselves to the types sketched in fig. 8. 
The following times are of importance for the fur- 
ther discussion of the problem. 


Fig. 8. Different forms of the light variation for which the 
contrasts occurring in the field of vision upon observation 
of moving objects are calculated. : 

T, D and P are the time of vibration, the dark period and the 
time of passage (time in which the moving object entirely 
passes a given point), respectively. 
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The oscillation time T, the “dark period” 
D = aT and the “time of passage” P = d/Jv, i.e. 
the time needed by the rod to pass entirely by a 
given point in the field of vision. We assume that P 
is always less than T: if the time of passage were 
longer than the oscillation time, the stroboscopic 
images would overlap and thus become very 
poorly defined. 

If we now consider the discontinuous varia- 
tion of fig. 8, we must distinguish between the four 
cases I, Ila, IIb and III, according as P is greater 
or smaller than D and T—D. 

In each of the four cases we must now discover 
what is the greatest and what is the smallest bright- 
ness occurring in the field of vision. The brightness 
observed at a given point consists of the brightness 
of the background which amounts on an average 
to B, (1—ab) (for the meaning of a and b see fig. 8), 
plus an extra contribution caused by the passage 
of the lighter-coloured rod. To calculate these contri- 
butions we must remember that the time of pas- 
sage is very short (for instance 0.005 sec) and that 
for such short times the eye, like the photographic 
plate, is capable of adding its impressions. From 
this it follows that we must calculate the extra 
contribution at a given point by integrating the 
brightnesses during the whole time of passage 
and dividing the result by the time M, which 
represents the longest time over which the eye still 
adds all impressions. This time M is of the order 
1/20 sec. In this way for every point in the field of 
vision the observed brightness at each moment 
can be determined and then from all these bright- 
nesses the smallest and the largest can be found 
and the most favourable position of the time of 
passage with respect to the dark period can be 
chosen. 

In this way we calculate for the four cases the 
differences between the highest and the lowest 
brightnesses in the field of vision which are included 
in table II. 

If we divide these brightness differences by the 
highest brightness occurring in the field of vision, 
which is also given in table IT, we obtain finally the 
required contrast C in the field of vision, which is 
given in the last column of table II. 

These four expressions for the contrast values 
enable us to survey the whole problem. We choose 
for the purpose first approximately those values 
for the different quantities which occurred in the 
experiment mentioned at the beginning, namely: 
T = 0.01 sec, B = 10 By, M = 0.05 sec, d = 0.5 cm, 
v = 100 c/s and P = 0.005 sec, while we assume 
that b = 1/,, a = 0.3 and therefore D = 0.003 sec. 
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Table I 
Brightness difference Greatest brightness Contrast C 
—P)b P—b(P+D—T) :| B -P (1-4 T_D o| 
Pegi Banyo Pe | eB ate (BoP, emer WTP) : [ gag (1—ab) M+ P (1-0) + (TD) 


P 
Hes o(BoE) ae By(1—ab) + (B-By) 9g 


bD: Fas (1-ab) M + P| 
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We then have case IIa and calculate C = 0.154. 
We then vary successively the quantities B/Bo, v, 
T, d, b and a and with the help of the formulae 
derived we determine the variation of the contrast. 
The result is reproduced in fig. 9. On each curve 
a point indicates the value from which we began 
in our example. Various conclusions may be 
drawn from these curves. Thus the first curve shows 
that the contrast can be appreciably increased 
by making B/B, larger. This can be achieved by 
choosing a glossier object. From the second and 
third curves we see that v and d were fairly well 
chosen; by increasing the velocity slightly or 
making the width uf the rod slightly less, the con- 
trast could have been increased somewhat. Further- 
more it may be seen that the contrasts occurring 
in this experiment increase appreciably when T, 
b or a is increased. 

From the relations found we may also deduce 
directly how, with T, b and a given, the other 
quantities must be chosen to obtain the effects as 
clearly as possible. In the first place B/B,) must be 
made as large as possible; the rod must be as 
bright as possible against a background as dark 
as possible. Furthermore the time of passage P 
must be so chosen that we work in region III. 
This means that d/v must be chosen smaller than the 
smaller of the values aT and (1—a)T. Under these 
favourable conditions the maximum possible value 
of the contrast can be obtained, namely C = b, 
t.e. the same contrast which is seen to occur directly 
in fig. 8. 

As a second example we consider a sinusoidal 
variation of the light intensity, as indicated in 
fig. 8. The calculation is the same; the integration 
over the time is somewhat more complicated, but 
on the other hand we are not compelled here to 
investigate four cases. The following general for- 
mula is found for the contrast C: 
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Fig. 9. Variation of the stroboscopic contrast C occurring in 
the field of vision upon illumination according to the dis- 
continuous vibrational form of fig. 8, when one starts with an 


_ example (indicated by a point in the figures) and varies the 


following quantities successively: 


B/B, = the ratio of the brightness of object and background. 

v = the velocity with which the object moves. 

T= the time of vibration of the light variation given in 
the first four sketches of fig. 8. 

d = the width of the moving object measured in the 


direction of motion. 
a and b = the quantities indicated in fig. 8. 
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Pd aP B 1 Be eared bs 
Cao 0,1 sin —— : at — sin —|- 
fh sin T cnr + P-+-a, aie 7 (2) 


Here also we begin with a similar example, namely 
T = 0.01 sec, a, = 0.5, B = 10 By, M = 0.05 sec, 
d = 0.5 em, v = 100 cm/sec and P = 0.005 sec, 
and we again vary the different quantities. Fig. 10 
shows the results. Here also it may be seen that 
the contrast could have been increased by choosing 
B/By larger. The quantities v and d are found to 
cause practically their maximum contrast value, 
while the contrast still increases appreciably when 
T and ay, are increased. 
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Fig. 10. Same as fig. 9, but for the continuous vibration form 
according to the last sketch of fig. 8. 


If the quantities T and a, are given, the maxi- 
mum possible contrast is again found by choosing 
B/B, as great as possible and P = d/v as small as 
possible. The maximum value of C is then found 
to be C = 2a,/(1-++a,), i.e. again the same contrast 
as is read off directly from fig. 8. . 

Now that the contrasts are calculated for the 
different vibrational forms of fig. 8, we may ascer- 
tain to what extent the rule which is valid for the 
flickering of stationary objects may be applied: 
the non-sinusoidal light variation is resolved into 
Fourier components and only the fundamental 
tone is taken into account. 

Upon the resolution of the discontinuous vibra- 
tional form drawn in fig. 8 we find: 
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2b sin za 


Ci 


If the rule mentioned is correct, then by filling 
in this value in (2), a formula for C would be ob- 
tained which would give the same results as table II. 
From the nature of the formula we can see imme- 
diately that this can never be exactly the case. 
In order to obtain some idea of the magnitude of 
the errors which are made by thus neglecting the 
overtones, we calculate the contrast for several 
values of a and 6 in two ways, namely 1) neglecting 
the overtones and 2) with the help of table II. For 
the quantities T, B/B,, M, d and v we assume the 
values which we have used in the two previous 
examples. Table III gives the results of these calcu- 
lations. It may be seen that upon neglecting the 
overtones we always find too high values for C. 
When a is not too small, the deviations are not 
greater than 10 percent; with very small values of 
a the deviations amount to about 25 per cent. 

In the above we have been concerned with the 
calculation of the contrasts which occur. In order 
to judge whether a given value of C should be con- 
sidered disturbing we must still determine by 
means of measurements what the threshold value 
for C is under these circumstances, in other words 
what contrast C can just barely be observed by the 
eye. At the same time these measurements will bea 
check on the correctness of the theory: when we 
vary different variables (a, b, v, d, a,, etc.) until 
flicker can be observed, we must each time find 
about the same threshold value for C. Several 
preliminary measurements gave a threshold value 
of C = 0.10 at different illumination intensities, 
calculated on the assumption that M = 0.05 sec. 

Until now we have only considered the case in 


Table I 


Values of the contrast C for different values a and b, when the 
overtones are neglected and with the help of the expressions 
given in table I, respectively. 


Lae >0 | 0.3 0.7 
b aol 

>0 1.20 ab 0.0311 b 0.0311 b 
0.95 ab 0.0284 b 0.0284 b 

0.3 0.36 a 0.098 0.110 

0.284 a 0.090 0.1024 

0.7 0.84 a 0.242 0.351 

0.66 a 0.224 0.326 

1 1.204 0.364 0.682 

0.95 a 0.338 0.642 
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which a rod crossed the field of vision once. The 
case is different when an object moves periodically 
with the same period as that with which the light 


flickers. Under these circumstances the strobos- | 
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copic images will usually be very clear. In many 
cases contrasts are then seen to occur which lie 


close to the maximum value C = 6b and C= 
2a,/(1+a,). 


THE SENSITIVITY OF AERIALS TO LOCAL INTERFERENCES 


by P. CORNELIUS. 


Although the use of a good outdoor aerial and earth connection is always to be recommend- 
ed for good reception, their installation is sometimes impossible or undesirable for other 
reasons. Indoor aerials usually give an unfavourable ratio between signal and interference, 
and this objection is even more valid for a mains aerial. The latter type of aerial, however, 
has the advantage that the set can be connected at any wall contact, independent of an 
aerial connection. This advantage can also be realized with built-in and attached loop 
aerials. 

In this article it is shown that a loop aerial is in most cases less sensitive to local inter- 
ferences than a capacitative aerial with the same power of interception. For the sake of 
further diminishing the sensitivity to interferences, not only from local sources of inter- 
ference but also from other transmitters, the directional effect of a loop aerial can often 
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be used successfully. 
Introduction 


In ordinary radio receiving sets with mains con- 
nections, the use of a good outdoor aerial and a 
good earth connection is always recommended. Due 
to the great power of interception of this combina- 
tion, weak transmitters can still be received with 
sufficient intensity. Moreover, the relation between 
signal and noise is favourable so that many stations 
can be received without noise, while the sensitivity 
to local interferences (from motors or caused by 
switches, and the like) is relatively low. The latter 
is due to the fact that the largest part of the outdoor 
aerial is at a relatively great distance from the lines 
of the electric installations of the house, along which 
the high-frequency interferences excited in the net 
are propagated. 

The relation between signal and interference 
can be still further improved by the use of a 
shielded connection from the outdoor aerial to 
the set 1). 

Over against these advantages, however, the 
outdoor aerial has several practical disadvantages, 
namely: 

1) In the installation of a good outdoor aerial 
and earth connection the help of an expert is 
usually necessary, which of course always in- 
volves some expense. 


') This of course causes a certain weakening of the effective 

signal, so that the sensitivity and the ratio between signal 

- and noise are somewhat diminished, see Philips techn. Rev. 
4, 320, 1939. 


2) The installation of wires in a finished room and 
the assembly of the outdoor part of the aerial 
often encounters aesthetic objections. 

3) The installation of an outdoor aerial is often 
impossible in large cities because of lack of 
space. 

4) The receiving set must remain at the spot once 
chosen for the aerial connection, although it is 
often desirable to be able to move it from one 
room to another. 

In connection with these objections attempts have 
often been made to construct efficient aerials which 
lack one or more of these disadvantages. We shall 
briefly discuss the commonest types of such aerials. 
a) A possibility of eliminating the disadvantages 

indicated under 1) and 3) is offered by the 
installation of a permanent indoor aerial with the 
water main used as earth connection. An ob- 
jection to this is the fact that a given set always 
has a considerably greater sensitivity to inter- 
ferences with an indoor aerial than with a good 
outdoor aerial, due to the relatively short dis- 
tance between aerial and light main. The sen- 
sitivity and the ratio between signal and noise 
will nevertheless usually be satisfactory. 

b) In order to eliminate the disadvantages 2) and 
4) the earth connection may be omitted and the 
aerial may be given a length of only a few metres. 
It may then simply be hung or laid on the floor 
near the spot where the set is to be placed. The 


> a 
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capacity of the chassis toward the mains and the 
surroundings then acts as earth connection. 
Such an aerial is usually unsatisfactory; the 
sensitivity and the ratio of signal to noise become 
poor and the level of the local interference very 
high. 

c) An ideal solution of the problems 1) to 4) is 

formed by the mains aerial without earth con- 
nection. 
In this case, however, not only is the sensitivity 
usually small, but the level of interference is 
unusually high, since the aerial connection is 
directly connected for high-voltage to one 
of the mains lines. The mains aerial indeed 
usually gives quite unsatisfactory results. 


The loop aerial 


The loop aerial also forms a solution of the prob- 
lems mentioned. Compared with the other forms 
of movable aerials mentioned above, the loop aerial 
is found to. offer advantages with respect not only 
to the sensitivity but also to the level of interference. 

In connection with the sensitivity the following 
must be noted. 

In the development of receiving sets which are 
intended for use with an aerial, the electrical data of 
the aerials of the users of the sets are never known. 
In order to avoid unallowable detuning of the 
first tuned circuit upon connection to different 
aerials, the aerial must be relatively loosely coupled 
with this circuit. Because of this, however, only a 
part of the energy which the aerial can deliver is 
given off to the first circuit. On the other hand the 
electrical data of a loop aerial permanently built 
in or attached to the set are known, so that it may 
be coupled very tightly with the first circuit without 
danger of detuning by capacity variation. Because 
of this a well constructed loop aerial usually gives 
a greater sensitivity and a better ratio of signal 
to noise than a small movable “ordinary” aerial. 
Moreover, it is found that a loop aerial often picks 
up much less interference than another aerial which 
exhibits the same reception strength for a distant 
station. In order to be able to explain this remark- 
able phenomenon, we shall in the following con- 
sider several properties of the electromagnetic 
field of transmitters and sources of interference, as 
well as several properties of receiving aerials. 


The electromagnetic field of sources of electrical 
and magnetic radiation 


An alternating electromagnetic field can be 
excited by different types of sources of radiation, 
among which electrical and magnetic sources of 
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radiation may be distinguished as limiting cases. 
The former sources of radiation in the first in- 
stance excite alternating electric fields by supplying 
an A.C. voltage to an open condenser (aerial), while 
the latter excite alternating magnetic fields in the 
first instance with the help of an alternating current, 
which flows through a coil with a large surface. 
Due to the variability of these fields a magnetic 
field occurs also in the case of the electrical sour- 
ce; while conversely, the magnetic source will also 
excite an electric field. These fields, however, only 
become of importance at some distance from the 
source of radiation, as we shall see below. The 
commonest type of transmitter is the electrical 
type, which in an idealized form may be represented 
as a dipole with the capacity concentrated at the 
ends ( fig. 1). With the help of Maxwell’s equations 
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Fig. 1. Idealized electrical source of radiation, represented as a 
dipole with capacity concentrated at its ends. F and H repre- 
sent the electric and magnetic field strengths, r is the distance 
from the transmitter to the point considered. H is directed 
forwards and thus indicated by a circle surrounding a point. 


Hertz has calculated the strength of the electric 
field F and the strength of the magnetic field H 
in the electromagnetic field of such a dipole. Upon 
the use of Giorgi units the equations for F and H 
at a point lying in the plane bisecting the dipole 
(see fig. 1) are as follows: 


1 : E 
F= (’ ls - :] (volts/metre), . (1) 
Aries Nae Ch a CT, 
ese (" + 2 (amperes/metre), . . . (2) 
ATEN Chane CT 
where: 


p is the electrical moment of the dipole (in coulomb 

metre), which is defined as the product of the 
magnitude of the two electric charges and their 

separation. This electrical moment is equal to 
the couple in watt seconds (1 watt sec = 
10° dyne metre) which the dipole would experience 
if it were placed in an electric field with a strength 
of 1 V/m, the lines of force of which are perpen- 
dicular to the axis of the dipole; 
is the first derivative of p with respect to the time 
in seconds; 

p is the second derivative of p with respect to the 
time; 
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c =3 X 108 m/sec, the velocity of light; 
r is the distance from the point considered to the 
dipole in metres: 


7 
uy : -10° | , the so-called abso- 
Age? 362 Vm 


lute dielectric constant, i.e. the dielectric con- 


é9 = 


stant for vacuum. 

If we assume that between the ends of the dipole 
which are separated by a distance s a sinusoidai 
alternating current (ije/®) with the angular frequen- 
cy w is flowing, then 


(= ike (Asec m), 
Jo 


Pp =is (Am), 
P =jwis (Am/sec). 


The formulae given are valid only when s <¢ r 
and s < A, where 4 is the wave length. 

Formulae (1) and (2) may also be used for 
transmitters in which the yield is generated between 
an aerial and earth. The dot-dash line in fig. 1 
may then be considered as the ideal conducting 
earth’s surface perpendicular to the axis of the 
dipole. The lower half of the figure is then no 
longer considered, while the fields in the upper half 
experience no change. 

The magnetic source of radiation can be 
represented in an idealized form by a coil consisting 
of n windings in which a current flows (fig. 2). 


awa F 
A) eto Se Se eases 
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Fig. 2. Idealized magnetic transmitter, represented by a coil 
of n windings with a surface O; the axis of the coil is perpen- 
dicular to the plane of the drawing; F and H are the strengths 
of the electric and magnetic fields in the field of the travelling 
wave. r is the distance between the transmitter and the point 
considered. H is directed forward and thus indicated by a 
circle around a point. 


The formulae of the electrical and the magnetic 
field strength at a point lying in the plane of the 
coil are given by the following equations: 


cased 
rae (5 42) (vim)... 


where: 

m is the magnetic moment of the coil, which is 
defined as the product of the surface of the 
coil (in m?), the number of windings and the 
current (in A). This magnetic moment is equal 
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to the couple in watt sec which the coil would 
experience if it were placed in a magnetic field 
of 1 A/m whose lines of force lie in the plane of 
the coil. 

m is the first derivative of m with respect to the 
time in sec. 

m is the second derivative of m with respect to 
the time. 


). the so-called absolute mag- 
m 

netic permeability. 

For a sinusoidal alternating current 1 


m =p, nt O (Vsec’ m), 
mM = uont- Ojo. (Vm), 
mM =. ni O7j*w* (Vm/sec). 


Here also the dimensions of the source of radia- 
tion must be small compared with r and A. 


For the reader who is not accustomed to the use of the 
absolute dielectric constant and the absolute permeability, 
the following remarks may be useful. 

The capacity of a plane condenser, in which the dimensions 
of the condenser plates (O) are large compared with their 
distance apart d, is 


C=, - fee = farads) : 
where O/d is expressed in metres. 

If a direct current i is sent through a long cylindrical coil 
with a cross section O and a length / over which n windings 
are uniformly distributed, the magnetic field in the coil is 
ni/l (A/m). This field is directed according to the axis of the 
coil in such a way that the direction of the current in the coil 
and the direction of the field together give the motion of a 
right-hand screw. It is hereby assumed that the dimensions of 
the cross section of the coil are small compared with the 
length, i.e. that, except at the ends, the field in the coil is 
practically homogeneous. The self-induction of this coil is 


Vsec 
2 
aes ral A 


= = henrys) 5 

where O/I is again expressed in metres. 

Comparison of the electrical and magnetic sources 
of radiation 


If we consider a point which lies at such a great 
distance from an electrical source of radiation 
that 


» 


= = 


then, according to ie and a?) 


E= P- yey ee ae 


AT Eq er 


HeD Pee oe eae 


4c c?r 
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The ratio between F' and H is therefore 


1 
mans ue) (2) 


If we now consider a point at such a distance 
from a magnetic source of radiation that 


cr cr? 


thus r » //2 a again, then according to (3) and (4) 


1 om 
He 7 (Alm), s+ 8) 
Berens) eae _(9) 


and therefore once more 


i= Uge = 4c-10-* (V/A). (10) 

From (7) and (10) it follows that at a sufficiently 
great distance from an electrical and a magnetic 
transmitter there is a constant ratio between the 
electrical and the magnetic field strength which 
is the same in both cases. The electromagnetic 
field at such a distance from the transmitter is 
called the field of the travelling wave. In this field 
F and H are in phase and are perpendicular to 
each other and to the direction of propagation. 
The latter corresponds to the displacement of a 
right-hand screw which is turned from F toward H. 
When the observer is so far away from the trans- 
mitter that he is only concerned with this field, 
the electrical and the magnetic transmitters for the 
state drawn in figs. 1 and 2 could be interchanged 
without producing any effect on the field at the 
position of the observer. If i has the same value in 


both cases the following would have to be true 


for a coil with one winding: 


Ouse S 
73) 22 


while the phase in the transmitters would have to 
be so adjusted that the upper half of the dipole has 
its largest positive voltage at the same moment as 
the current in the coil, flowing to the left, reaches 
its maximum value. 

We shall now consider a point lying much closer 
to the transmitter, so close in fact that the follow- 
ing holds in the case of the electrical transmitter: 


«€ <«|4 


4 
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and in the case of the magnetic transmitter: 


which in both cases amounts to r ¢ 4/27. In 
this case for the electrical transmitter 


1 p 
F = = ((\Y eri) 
aa Wm) (11) 
H = A/ 
75 (Alm), (12) 
so that the ratio of F to H becomes 
| 
= = V/A 13 
ES age EqC Dae a (13) 


From (7) and (13) it follows that in the vicinity 
of the electrical transmitter the ratio of electrical 


to magnetic field is —— times as great as it is ata 
mr 


large distance in the region of the travelling wave. 
In the neighbourhood of a magnetic transmitter 


(pe ree lata 14 
= Ge a (Alm), (14) 
F Ee V 15 
= 75 (Vim), (15) 
so that the ratio of F to H becomes 
Ugrm 2ar 
FI - pee : - me tsa ays (V/A) . (16) 


From (10) and (16) it follows that in the neigh- 
bourhood of a magnetic transmitter the ratio of 
electrical to magnetic field is a times as small 

7 
as at a great distance in the region of the travelling 
wave. 

From the above the well-known fact becomes 
evident, that at a sufficiently small distance from 
an electrical source of radiation practically only an 
electrical field occurs, and in the neighbourhood of a 
magnetic source of radiation practically only a 
magnetic field. Actually these fields are described 
by the laws of Coulomb and Biot-Savart. 


Capacitive and inductive receiving aerials 


Just as in the case of the transmitters the elec- 
trical and the magnetic source of radiation can be 
distinguished as limiting cases, in the same way in 
reception a distinction can be made between capac- 
itive and inductive aerials. 

An ordinary capacitive aerial may, as in fig. 1, 
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be represented by one half of a dipole perpendicular 
to the earth’s surface with a capacity C toward 
earth concentrated at one end (fig. 3). If this 
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Fig. 3. Capacitive aerial represented diagrammatically as a 
half dipole with capacity concentrated at the top. s/2 is the 
distance from the top to earth, F and H are the electric and 
magnetic fields at a point. 


aerial is situated in a field of radiation with an 
electrical field strength F, we obtain at the open 
lower end an A.C. voltage 


s/2 s 

[Fas=F5 (Vs. . (01) 
V is thus independent of w. The short-circuit current 
of the aerial amounts to: 


P2V-@-C{A) (18) 


The magnitude of the magnetic field H indi- 
cated in fig. 3 has no effect on V or I. 

This aerial thus forms an indicator for the inten- 
sity of an alternating electrical field in the di- 
rection of the dipole. 

An inductive receiving aerial (loop aerial) is 
represented diagrammatically in fig.4 by a coil 
consisting of one winding. The self-induction of the 
coil is L,, the surface O and the axis of the coil is 


parallel to H. 
dS, 
as 
ae: 
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Fig. 4. Idealized representation of an inductive receiving aerial 
(loop aerial). F and H are the electric and magnetic fields at 
a point. 


In an alternating magnetic field the magnetic 
lines of force are surrounded by closed electrical 
lines of force of which the line integral of the field 
strength along a closed curve, for instance along 
the coil in question, is given by Maxwell’s second 
law: 


V=| Fds = uy, OH (V). . (19) 


The magnitude of the electrical field drawn in fig. 4 
has no effect on this. The loop aerial thus forms an 
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indicator of the intensity of an alternating mag- 
netic field in the direction of the normal to the 
plane of the loop. 

If we assume a sinusoidally alternating magnetic 
field we obtain between the open ends of the coil 
an A.C. voltage: 


V= tig: O- oH (Ve eee (20) 


while the short-circuit current of the coil is 


(21) 


The latter is thus independent of w. 


If, retaining its form, the coil is made not of one but of n 
windings, the voltage becomes larger by a factor n, while the 
short-circuit current becomes a factor n smaller, because the 
self-induction has increased by n? (L;, = n?L,). If we further 
assume, that we are concerned with the field of radiation of a 
travelling wave, we can express H and F with the help of 
equation (7) and thereby obtain for the open voltage V and 
the short-circuit current I; 


V=—-n-0-F(V), 


lend 
I = a .g se : F (A). 

It must still be noted that the formulae given 
are only valid when the dimensions of the. aerials 
are small compared with the wave length con- 
sidered. 


The field of a local source of interference 


A local source of interference, for instance a 
vacuum cleaner with a sparking motor, excites 


irregular high-frequency oscillations. The reception 


of a radio set in the vicinity will be disturbed by 
components of these oscillations which correspond 
to the wave length selected. Since the source of 
interference is usually at a short distance from the set 
affected, the ratio F/H may differ very much from 
the value of the ratio for distant transmitters. It 
is now important to know whether F/H is as a 
rule smaller or larger for a source of interference 
than in the field of a travelling wave. In the former 
case, in order to obtain reception free of interference, 
the capacitive aerial will be preferable, in the latter 
case the loop aerial. In this connection therefore 
it is necessary to discover whether a source of inter- 
ference behaves mainly as an electrical or as a mag- 
netic source of radiation. This is found to depend 
upon the course of the connecting wires. 

It is practically exclusively the so-called “asy- 
metrical” components of the interference currents 
excited which are disturbing, i.e. a current which, 
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via the capacity of the source of interference toward 


earth and via the connecting wires coming out of 


the ground and partially surrounded by metal tubes, 
flows back to the source of interference (fig. 5)?). 


JF9572 


Fig. 5. Course of the asymmetrical component of the inter- 
ference current from a sparking vacuum cleaner on the first 
floor. A vacuum cleaner, B wall contact, C switch board, 
D main line of the mains. 


Represented in an idealized form the four cases of 


different positions of the wires shown in fig: 6 
may occur. 


— 
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Fig..6. Idealized representation of the position of the con- 
nection lines to a source of interference. The source of inter- 
ference behaves as an electrical transmitter in case a and as a 
magnetic transmitter in case d. In cases b and c it behaves 
as a combination of electrical and magnetic transmitter. The 
set sketched represents the position of the receiving aerial 
(distance r from the source of interference). 


Tn case a the source of interference behaves as an 
electrical transmitter, while in case d it will be- 
have as a magnetic transmitter. In cases b and c, 


2) See Philips techn. Rev. 3, 235, 1938. 
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on the other hand, which are the commonest cases. 
the source of interference will behave partially as a 
magnetic and partially as an electrical transmitter. 
The relation between these two, and thus also the 
relation between the electrical and the magnetic 
field of the interference caused, depends upon the 
relation between 1, h and s/2. 

We shall now make a comparison between the 
interference which is experienced upon the use of a 
receiving set with a loop aerial and a set with a 
capacitive aerial which are situated at the point 
indicated in fig. 6 with respect to a source of inter- 
ference. For this purpose we assume that the sets 
are so arranged that when situated in the travel- 
ling wave of a transmitter, which is in the same 
direction as the source of interference with respect 
to the set, they give the same grid A.C. voltage at 
the first valve. If the receiving sets are so close 


to the source of interference that r < a then in 
7G 


the case of fig. 6a, the relation between signal and 
interference will be better for the loop than for the 
capacitive aerial, because the ratio of the electrical 
field strength F, to which the capacitive aerial 
reacts, to the magnetic field strength to which the 
loop aerial reacts is, according to (13), A/2ar 
times as great as in the travelling wave of the 
transmitter to be received. 

For case d the capacitive aerial would be better 
than the loop; this case will, however, seldom occur 
in practice. For cases b and c, where we are concerned 
with a combination of an electrical and a mag- 
netic transmitter, we shall calculate what the 
dimensions of / and h must be in relation to s/2 
to give F and H at the distance r the same ratio 
as in the field of a travelling wave. In this case the 


Fig. 7. Substitution diagrams for the figures 6 b and c. The 
open loop is closed; the final capacity is situated at practically 
the same point in space, but now takes the form of the final 
capacity of half a dipole, the vertical conductor of which 
is situated in the immediate neighbourhood of the part of 
the loop which has been added. The current in this dipole is 
equal in strength and opposite in direction to that in the 
part of the loop added. 
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sensitivity to interferences will be the same for 
both sets. 

The cases 6 and ¢ from fig. 6 are equivalent to the 
substitution diagrams drawn in fig. 7b and c. 
The open loop is here replaced by a closed loop 
(i.e. a magnetic source of radiation) and a half 
of a dipole in the immediate vicinity of the added 
section of the loop. The current in this dipole is 
equal in magnitude and opposite in direction to 
that in the added section referred to. 

In the neighbourhood of the source of radiation 
the electrical field F's is determined practically exclu- 
sively by the electrical moment of the combination. 
This field strength is given by (11) in which 
p = is/o. The magnetic field, which is determined 
practically exclusively by the magnetic part of the 
combination, is given in the vicinity by (14), 
where, taking into account the reflection of a per- 
fectly conducting earth m = 2 poilh. 

Since we wish to set the ratio of F's and Hs 
equal to that in a travelling wave, according to 
equation (7) the following is valid: 


th 
a a Ike. 


Epc 


By the substitution of Fs; and Hs from (11) and 
(14) in this equation we find the following upon 
the use of the above values for p and m: 
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The horizontal length of the connection line 
would, therefore, in case b where h = s/2, have to 
be equal to //22 before the loop aerial exhibits 
a disadvantage compared with the capacitive 
aerial with respect to sensitivity to interference. 
If for case c we assume that h = s, this would be the 
case at a length | of 4/4z. For the intermediate and 
long-wave regions a length of twenty to forty 
metres would be necessary, which of course seldom 
occurs. 

- In the above it was assumed that the loop aerial 

is situated in the most unfavourable position with 
respect to the source of interference, namely that 
the desired transmitter and the source of inter- 
ference are in the same direction from the receiving 
set. When this is not the case the effect of local 
interference can often be considerably decreased 
by making use of the well-known directional effect 
of the loop aerial. 

In practice it is found in most cases that for 
the intermediate and long-wave regions the sensitiv- 
ity for interferences of a well constructed loop 
aerial is appreciably smaller than that of a capaci- 
tive indoor aerial. 


iO Met a: 
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HARD GLASS X-RAY TUBES IN OIL 


by J. H. van der TUUK. 


621.386.1 


The use of hard glass has made it possible considerably to decrease the dimensions of all- 
glass X-ray tubes. When the tube is placed in an earthed metal jacket in order to protect 
the user against high voltage, the space between tube and jacket may be filled with oil 
which promotes the voltage security and the heat dissipation. By a suitable construction 
of the anode it is possible to adapt the tube to very high continuous loads. Various X-ray 
tubes developed on these principles for medical diagnosis, therapy and the testing of 


materials are described in this article. 


The X-ray tubes in general use ten or twenty 
years ago were actually not “tubes” but rather 
“bulbs’’, considering the form of the glass container 
in which the electrodes were placed (fig. 1). This 


Fig. 1. An X-ray tube such as was used around 1920. Because 
of the bulbous shape the glass container suffers less from the 
bombardment by secondary electrons. 


bulb form sprang from the desire to keep the glass 
wall at some distance from the electrode on which 
the X-radiation was excited by electron bombard- 
ment. If the distance was too small the glass wall 
exhibited very intense fluorescence which was 
found to be unfavourable for the life of the instru- 
ment: the bombardment of the wall by secondary 
electrons, which was the cause of the fluorescence 
caused at the same time a gradual destruction of 
the glass by heating and electrolytic attack, and 
freed gases from the glass which gradually spoiled 
the vacuum in the tube and finally usually caused 
breakdown through the glass. 

Increasing the distance between electrode and 
wall in an attempt to decrease this danger, was of 
itself not a very fortunate solution. The disadvan- 
tages became particularly evident when it was 
understood that it was necessary in practice to 
protect the user absolutely from the X-radiation 
outside the effective beam and from the high 
voltage. The bulbous form of the X-ray tubes made 
it difficult to introduce the necessary lead jackets 
and earthed metal coverings since the resulting 
constructions were much too large and expensive. 

A fundamental improvement in the situation was 
first presented by the construction of the so-called 
metal tubes‘). In such tubes the discharge space 
from. which the secondary electrons originate is 


surrounded by a chrome-iron cylinder to which 
glass sleeves are welded to serve as insulation for 
the electrodes. Since the metal cylinder is extremely 
to the electron bombardment. the 
diameter of the cylinder could be small. 

Later it was also found possible to decrease the 
dimensions of the all-glass tubes considerably, by 
the use of hard glass. Hard glass is in general 


insensitive 


much more resistant to electron bombardment since 
it is not so strongly electrolysed as soft glass, and 
it has a much greater electrical resistance and 
resistance to breakdown. Due to the high resistance 
the glass, which is negatively charged by an electron 
bombardment, retains the charge and thereby 
repels further electrons. Moreover, hard glass has 
a much smaller linear coefficient of thermal ex- 
pansion than ordinary soft glass, namely about 
45 x 1077/°C imstead of about 90x 1077/°C, so that 
it has less tendency to break upon local heating. 
Just as in the construction of the tubes with a 
metal intermediate section it was a necessary con- 
dition that the chromeiron should have about the 
same coefficient of expansion as the ordinary kinds 
of glass used with it. in the construction of the 
hard-glass tubes it was also of great importance 
for making the relatively large anode leads to have 
at one’s disposal alloys whose thermal expansion 
is as well adapted to that of the hard glass. An alloy 
of iron, nickel and cobalt satisfies this requirement 
over the whole temperature region from about 0 °C 
to beyond the softening interval of the glass. 
When it is taken into account that the tundamen- 
tal idea, with the “metal” as well as with the hard- 
glass tubes, is to make the tube wall which is struck 
by secondary electrons of a material which is more 
resistant to this bombardment, and that in both 
cases devices are also employed to limit the number 
of secondary electrons which can reach the tube 
wall, there no longer seems to be very much dif- 
ference between the two types of tube. Neverthe- 
less in the further development of the tubes, when 


1) A. Bouwers, Fortschr. Rontgenstr. 32, 41, 1924: Radio- 
logy 13, 191, 1929. 
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it is a question of making a unit which is secure 
against high voltage and radiation, there are dif- 
ferent constructive possibilities in the two cases. 
In the case of the former (metal) tubes the earthed 
jacket, usually filled with a gaseous or liquid in- 
sulation material, can be fastened to the chrome- 
iron intermediate section which is likewise earthed. 


RS 
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suitable for the highest D.C. and A.C. voltages used 
in diagnosis, namely up to 100 kVmax, thanks in 
part to the high resistance to breakdown of the oil 
in which the tube is immersed when in use. This 
resistance to breakdown, which amounts to 200 
kV/cm for good fresh transformer oil, can with 
proper use scarcely fall below 60 kV/cm even for 


Fig. 2. Cross section of a hard-glass tube for diagnosis, somewhat simplified. The cathode 
K with filament G is fastened into the tube by means of a bridge, while the anode A is 
welded into the tube via a ring R of an iron-nickel-cobalt alloy. On the sloping front surface 
of the anode is the “lozenge” P of tungsten upon which the electrons from G are focussed. 
These electrons pass through the opening O of the anode cap H which captures the secon- 
dary electrons liberated from the focus. The X-rays leave the tube through the opening V. 
For cooling, the radiator S is fastened to the anode on the outside. Its dimensions are 
determined by the desired power for fluoroscopy (see below). With the radiator here 


drawn the tube weighs about 1.5 kg. 


This then serves as a natural support for the sus- 
pension of the tube, while the lead jacket which 
gives protection against the rays is placed directly 
over this. In the case of the hard-glass tubes the 
jacket must be more free of the tube. Usually the 
space between the tube and the earthed metal 
jacket is filled with a liquid insulation material, 
preferably transformer oil, which has favorable 
properties in connection with voltage security and 
heat dissipation. 

Various types of “metal” tubes have already been 
discussed in this periodical ?). We shall now also 
describe several types of hard glass X-ray tubes in 
oil. We shall hereby confine ourselves to the tubes 
with stationary anode. 


Tube for medical diagnosis 
Voltage security 


In fig. 2 a diagram is given oi a cross section of a 
hard-glass X-ray tube manufactured by Philips for 
general purposes of diagnosis. Fig. 3 is a photo- 
graph of such a tube. The small dimensions of the 
tube are immediately striking: the glass tube is 
about 13 cm long. Nevertheless, this short tube is 


*) J. E. de Graaf and W. J. Oosterkamp, An X-ray tube 
for the analysis of crystal structure, Philips techn. Rev. 3, 
259, 1938; J. H. van der Tuuk, A million volt X-ray 
tube, Philips techn. Rev. 4, 153, 1939; H. A. G. Hazeu, 


Small apparatus for medical X-ray diagnosis, Philips techn. - 


Rev. 6, 225, 1941. 


long used oil, and it always remains about 15 kV/em 
even along the path of the creeping discharge on 
the glass wall. A breakdown along the outside is 
thus impossible at voltages of 100 kV, and indeed 
the limit of voltage security of the tube is not deter- 
mined by this, but by the phenomena taking place 
inside the tube. With D.C. voltage it is mainly a 
question of the bombardment of the tube wall by 
secondary electrons, with A.C. voltage there is the 
added danger of back-lash. 

In order to stop the secondary electrons which are 
freed from the focus on the anode, the front of the 
anode (the tungsten “lozenge’’ on which the beam 
of primary electrons is focussed) is surrounded by a 


copper shielding cap H which has only two relatively 


Fig. 3. Photograph of the X-ray tube whose cross section is 


oe in fig. 2. (Anode seal and radiator are slightly different 
ere). 


OCTOBER 1941 


narrow openings: one at O to admit the primary 
electrons and one at V to permit the effective X-ray 
beam to leave the tube (the cap thus acts at the 
same time as a certain protection against X-rays 
in other directions, although its protection is not 
sufficient). The latter opening is not larger than 
corresponds to an apex angle of 2 x 10° of the cone 
of the X-rays, since the front surface of the anode 
slopes 10° 3), see fig. 2. Because of the small size 
of this opening it was found to be unnecessary to 
screen the secondary electrons passing through it 
from the walls by means of a metal foil; the ef- 
fective X-rays therefore do not need to be attenu- 
ated by such a foil. At the same time there is the 
advantage that it is possible to look through the 
opening at the focus and thus detect any defects. 
The distance between the anode cap and the anode 
is 10 mm, so that, taking into account the presence 
of slight irregularities, the field strength on the elec- 
trodes at 100 kV still remains far below the limit 
of 10° V/cm, at which electrons can be liberated 
by “cold emission” from clean metal surfaces ‘*). 
This source of stray electrons which might reach 
the tube wall is therefore also eliminated. 

As to the danger of back-lash when working on 
A.C. voltage, this is also considerably diminished 
by the presence of the anode cap. The back-lash 
is based upon the possibility that in the negative 
phase, t.e. the half of the period in which the fila- 
ment is positive and the lozenge is negative, elec- 
trons may be drawn out of the still hot focus and, 
accelerated by the tube voltage of for instance 100 
kV, reach the delicate filament -- in this case a 
tungsten wire of 200 yu diameter. This wiJl happen 
for example when, due to an accidental heavy over- 
loading in the positive phase, the focus has become 
temporarily too hot, either as a whole or locally. 
By this undesired electron bombardment the fila- 
ment is now overheated in the negative phase, in 
the next positive phase the emission therefore be- 
comes higher, and the focus therefore still more 
heavily loaded, etc. The immediate result is there- 
fore an avalanche-like process of stronger and strong- 
er overheating of lozenge and filament, so that in 
general the filament burns through and the tube 
becomes defective. A suitably constructed anode 
cap very much decreases the field strength at the 
focus and thus the chance of back-lash. 

Another method of combatting back-lash con- 


3) This slope means that a linear focus is used with a length 
three times its width; see the first article referred to in 
footnote ”). 

4) See for example W. Ch. van Geel, Blocking-layer Rec- 
tifers, Philips techn. Rev. 4, 100, 1930. 
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sists in the excentric placing of the filament. 
Any electrons emitted by the focus in the negative 
phase then do not fly to the filament but strike 
other, less vulnerable parts of the cathode. In our 
case also advantage was taken of this circumstance, 
since the tube possesses a so-called double focus: 
at the cathode there are two filaments side by side 
(thus slightly excentric) from which a selection can 
be made and which give respectively a normal focus 
of 3.13.1 mm? ora very small focus of 0.3 0.3 
mm? for special fluoroscopy or photography tech- 
niques. 


39502 


Fig. 4. The cathode of the tube described contains two spiral 
filaments G, and G, either of which can be switched on as 
desired in order to obtain foci of different sizes. Due to the 
centric position of the filaments there is less chance of back- 
lash, since any electrons drawn out of the hot focus F' by the 
electric field do not strike the filament, but some other spot 
on the cathode. This does not alter the fact that with the re- 
verse field the electrons from the filaments fly to the focus, 
because the trajectories of the electrons are in general not 
reversible due to inertia. (See J. H. van der Tuuk, Physica 
10, 231, 1930). 


Permissible loading for photography 


In making X-ray photographs, definite standar- 
dized momentary loads on the tube are used, which 
loads depend upon the size of the focus employed. 
With a focus of 3.19.3 mm? true size (i.e. with a 
slope of the lozenge of 19° an apparent size of 
3.13.1 mm?) these instantaneous loads are 6 kW 
for 1 sec and 4 kW for 5 sec when used with pul- 
sating D.C. voltage. The lozenge is thus loaded 
with about 200 watt/mm? in exposures of 1 sec. By 
embedding the tungsten lozenge in a large mass of 
copper the temperature of the focus is limited to 
about 2 300 °C at such a load, a temperature which 
is still quite permissible in connection with evap- 
oration. 

The focus temperature becomes established so 
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quickly that it may be said to be determined by the 
momentary value of the load. Consequently 
upon the use of A.C. voltage the peak value of 
the current may not be larger than approximately 
the current with D.C. voltage. On the other hand 
the rapid establishment of the focus temperature 
has as aresult that with a maximum temperature of 
about 2 300 °C in the positive period the focus is 
already sufficiently cooled to cause no back-lash 
in the negative period; the peak current with A.C. 
voltage need not therefore be smaller than the 
current with D.C. voltage. The permissible average 
specific loading with A.C. voltage is thus about half 
of that with D.C. voltage: the standardized mo- 
mentary loads for the sizes of focus mentioned are 
here 3 kW for 1 sec and 2.2 kW for 5 sec. 

During the exposure only little heat is given off 
to the surroundings by the anode, the anode must 
therefore have sufficient heat capacity so that it 
does not become warm as a whole with the brief 
high loads indicated. In the tube in question the 
anode weighs about 1 000 g including the radiator 
visible in fig. 2, the specific heat of copper is 0.094 
cal/g °C, the heat capacity is thus 94 cal/°C. With 
a D.C. voltage load of 4kW for 4 seconds the anode 
receives a total of 20000 Wsec = 5 000 cal. The 
temperature of the whole anode thus rises by only 
slightly more than 50°. Even when several exposures 
are made in succession, no excessively high temper- 
ature results, especially since the dissipation of 
the heat developed is very much promoted by the 
oil in which the whole tube is immersed. 


Permissible loading in fluoroscopy 


In fluoroscopy, where the X-ray tube is more or 
less continuously loaded, the permissible power of 
the tube is almost entirely determined by the heat 
dissipation which in the previous section could be 
practically neglected. Therefore the fluoroscopy 
power depends not only on the tube itself, but also 
very much upon the construction of the container 
in which the tube is placed and on the method of 
cooling. 

With forced oil cooling by means of a pump the 
small tube described could tolerate a continuous 
load of 1 to 2 kW. This is much more than ever oc- 
curs in medical fluoroscopy. Usually not more than 
about 180 W is necessary (namely in fluorscopy of 
the stomach which requires 85 kV, 3 mA), while, 
moreover, this load in only intermittent in most 
cases, with a ratio of approximately 1 : 2 between 
true loading time and intervals. The average (con- 
tinuous) loading is therefore usually not higher 
than about 60 W. This makes it possible to employ 
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forced oil-cooling and use the cooling by the natural 
flow of the oil inside the jacket, which simplifies 
the construction considerably. We shall now con- 
sider the problem of cooling somewat more closely. 

The cooling must satisfy two main requirements: 
in the first place the anode lead of the X-ray tube 
may not become hot enough to constitute a danger 
to the glass, in the second place the temperature 
of the covering of the tube must remain so low that 
the user does not burn himself when he touches the 
tube. For the first requirement a maximum tem- 
perature of for instance 200 °C will be permissible, 
for the second the temperature must not be higher 
than about 60 °C, thus about 40° above room tem- 
perature. If the cooling is accomplished by means of 
oil, there is the additional requirement that the 
temperature of the oil must not rise far above 
100 °C. It is known that at higher temperatures oil 
which is in contact with metals (especially copper 
and lead) rapidly depreciates, by acidification, for- 
mation of sediment, etc. with the result of a lower 
breakdown voltage and a poorer heat conduction *). 

Let us first consider the second requirement. The 
heat dissipation of metal to air amounts to about 
0.001 watt per cm? and per degree of temper- 
ature difference. In order to give off 60 W to 
the air with not more than 40° temperature dif- 


Fig. 5. Jacket for the X-ray tube shown in figs. 2 and 3. The 
two large high-voltage leads may be seen, the window for the 
X-rays, to the left two rubber tubes for connecting the cooling 
spirals inside the jacket with the water main if desired, to the 


right the low-voltage cord for the automatic 


switching off 
of the high-voltage generator upon overloading. 


°) In order to preserve the quality of the oil it is recommended 
in the literature that copper parts should be tin-plated. 
We have had very good results with chromium plating. 
Moreover, it is important to degas the oil well before use 
and not to allow it to come into contact with air or mois- 
ture during use. The latter is achieved satisfactorily in 
our case by means of the entirely closed jacket. Neverthe- 
less it is advisable in such constructions not to have the 
electric field strength higher than about 50 kV/cm at any 
spot — a condition which in our case is also satisfied. 
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ference, therefore, the earthed jacket of the tube 
must have a surface of 1500 cm2. This can be achieved 
with a relatively small and therefore quite light 
jacket: the jacket shown in fig. 5 made of brass 
sheet, together with tube and oil but without the 
cable, weighs only slightly more than 7 kilograms. 

When in this way a temperature of not more 
than 60 °C is guaranteed for the jacket, provision 
may be made by suitable construction that the 
temperature of the flowing oil will never become 
appreciably higher, except in a thin layer close to 
the radiator. This radiator whose function is the 
transfer of heat from the anode block to the oil 
is in guod contact with the anode and has a surface 
of about 200 cm?. The heat dissipation of metal 
to oil for cases of natural flow in a relatively small 
space amounts to about 0.03 W per cm? and per 
degree temperature difference, according to meas- 
urements carried out in this laboratory. This value 
is valid for an oil temperature of about 60 °C; at 
a higher temperature the heat dissipation increases 
because of the fall in viscosity which permits more 
rapid flow. With this heat dissipation it may be 
calculated that for the dissipation of 60 W, the 
radiator must be about 10° warmer than the oil. 
We must, however, keep in mind that the power 
of 60 W represents an average load resulting from 
intermittent loading 1 : 2 with 180 W. We may 
here assume of course that the temperature of the 
flowing oil with its great heat capacity is determined 
only by the average load, and thus amounts to 
60 °C; in and close to the radiator, however, where 
the temperature equilibrium is established much 
more quickly, the temperature during the working 
period must be calculated for a heat dissipation 
180/60 = 3 times as large. In the working period, 
therefore, the temperature difference between 
radiator and oil is 30°, so that we find a temperature 
of 60 + 30 = 90°C for the radiator. 

This is the temperature averaged over the whole 
surface of the radiator. In this radiator which is 
7.5 cm long, there is also a temperature drop. In 
our case for a dissipation of 180 W (working period) 
this drop amounts to about 20° so that the end of 
the radiator will be about 10° colder and the be- 
ginning about 10° warmer than the average. In 
the neighbourhood of the seal, therefore, a tem- 
perature of about 100 °C occurs which is indeed 
allowable for long times. 

For those cases in which the dissipation of 180 W 
intermittent 1 : 2 is not sufficient, which may 
sometimes occur in very busy clinics, the jacket 
with the surface area of 1500 cm? would not be able 
to dissipate the heat developed without exceeding 
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the permissible temperature. In order to adapt the 
tube for 150 to 180 W continuous charge, a jacket 
with a surface area of about 4000 cm2 would have to 
be constructed. It is, however, also possible to conti- 
nue to work with the convenient small jacket of fig. 5 
if the oil in it is cooled. This can be done in the 
familiar way be introducing a fixed cooling spiral 
into the jacket, through which water from the 
mains is allowed to circulate when the higher load 
on the tube is employed. This is the solution we 
have chosen. The connection to the water main 
is by means of two thin rubber tubes along one of 
the high-voltage cables already present. For the 
rest the heat capacity of the whole is such that the 
tube can be used for about 15 minutes with 180 W 
without water cooling, beginning with the cold 
state. Only after the 15 minutes mentioned is the 
permissible limit of the temperature reached, and 
this may be seen on an indicator connected with an 
expansion box fastened to the jacket (the oil ex- 
pands 0.07 percent per degree; see also the last 
If the load is 
too heavy, t.e. if the expansion box expands still 


article referred to in footnote ?)). 


farther, it automatically switches off the primary 
voltage of the high-voltage transformer. 

Upon the use of water cooling the permissible 
continuous load is even considerably higher than 
180 watts. By using a sufficiently high speed of flow 
of the cooling watcr the oil can be kept practically 
at room temperature (about 30°C) even with 
powers of 300 W. For the temperature difference 
between radiator (middle) and oil we find about 
50° for 300 W, for the temperature drop in the 
radiator about 34°, so that the anode seal need not 
become warmer than 30 + 50 + 17 = 97°C. The 
temperature drop in the anode from the focus to 
the beginning of the radiator amounts to about 55°, 
the focus thus has a temperature of only about 
150 °C, while temperatures up to 400 °C in contin- 
uous usage may be considered quite permissible. 
We may therefore develop a power of 300 W or 
more continuously in the tube with no disadvan- 
tage, and this is often desirable in the macroscopic 
examination of materials for which this tube 


may also be used. 


Fig. 6. Hard-glass tube for diagnosis of the type customary 
until lately, in which the anode seal R is welded into a depres- 
sion in the tube. 
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These heavy continuous loads have been made possible here 
by the way in which the anode lead is fused into the tube. 
In the tube constructions common until now this weld was 
made in a concavity of the tube according to the sketch 
below (fig. 6), which is the simplest method for manufacture. 
Due, however, to the fact that the cooling body can only be 
relatively thin here and the flow of oil inside the depression I 
is very much hindered, a larger temperature difference be- 
tween cooling body and oil and a greater temperature drop in 
the cooling body S occurs for a given heat dissipation, so that 
the seal and the oil become much warmer at that spot than 
is the case with the tube according to fig. 2 with the flat anode 
seal. In the case of such small tubes with this type of seal ina 
depression it is impossible to go higher than 150 watts contin- 
uous even with strong water cooling of the jacket. 
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diagnosis fig. 2, but larger in size. Because of the 
greater danger from secondary electrons at these 
voltages the anode cap H is made so deep that only 
about one per cent of the secondary electrons are 
able to fly back through the opening O. Further- 
more, the opening V is closed to secondary electrons 
by a beryllium window 1 mm thick. The larger 
diameter of the tube (and thus also of the jacket) 
makes it desirable to have the undesired X-rays 
absorbed as far as possible by the anode cap in this 
case. The latter is therefore made of fairly thick 
tungsten copper so that the absorption in all di- 
rections corresponds at least to about 5 mm of lead 


Fig. 7. X-ray tube for medical therapy. Apart from the larger dimensions the construction 
corresponds in general to that of the tube of fig. 2. The anode cap H is deeper, the opening 
V is closed with a beryllium window, the focus F is made very large 12 x 20 mm”) for the 
sake of a low specific loading. Upon cooling the oil in which it is immersed by cooling spirals 
with running water the tube can tolerate a continuous load of about 3 kW (220 kVmax. 


20 mA). 


Tubes for therapy and material examination 


In medical therapy as well as in the macroscopic 
investigation of the material of heavy pieces of 
work, considerably higher voltages, namely up to 


200 and 300 kVmax, respectively, and with much 


higher continuous loads, several kW for example, 


are generally used. The type of tube which has been 
developed for these purposes is reproduced in figs, 7 
and 8. In principle it is similar to the tube fo; 


Fig. 8. Photograph of the tube for therapy whose cross section 
’ is shown in fig. 7. we 


The rays which pass through the opening O are 
absorbed by a tungsten plate on the cathode. 

In therapy, where it is not a question of obtaining 
an image, the focus of the X-ray tube need not be 
made especially small. For a loading by 220 kV 
pulsating voltage and about 20 mA (about 3 kW), 
which is now considered in therapy to be a high 
power, we have chosen a focus of 12 x 20 mm2, with 
which the specific focal loading amounts to only 
about 12 W/mm?. 

For the continuous dissipation of the high power 
mentioned use has usually been made of forced oil 
or water cooling of the anode. Due to the small 
surface of the anode lead the liquid must here be 
sent through relatively narrow openings, which 
when oil is used sometimes leads to too high oil 
temperatures with the result of deposition of carbon 
and clogging. When water is used this no longer 
holds, but a circulation pump must be used which 


is insulated for high voltage, and the high-voltage 


cable for the anode must be constructed with an 
axial channel for the water circulation, which again 
introduces other practical difficulties. When it is 
also kept in mind that the pumps cannot usually 
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be made noiseless, it is clear that it is a great ad- 
vantage to be able to do without forced cooling. 

We have indeed succeeded in this aim by the 
application of the principles already described in 
connection with the tube for diagnosis, but with 
larger dimensions than there used. A radiator with 
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Fig. 9. Arrangement of radiator S and cooling spirals W in 
the high-power tubes. 


a surface area of about 1500 cm? is connected to the 
anode lead and around this radiator. inside the oil- 
filled jacket, water-cooling spirals are placed at 
4 to 6 cm distance from the radiator, see fig. 8. These 
spirals are earthed and may therefore be connected 
with the water main. With this arrangement, by 
means of the natural flow of the oil, 3 kW can be 
dissipated continuously without the anode or the 
oil becoming too hot. 

The tube drawn in fig. 7 can be operated on 220 
kV A.C. voltage and about 300 k\ pulsating D.C. 
voltage. A tube of the same type can also be con- 
structed with earthed anode and the anode cooled 
directly with water from the main, so that appre- 
ciably greater powers can be dissipated than men- 
tioned above. 

In tubes for material testing the focus is naturally 
made smaller than mentioned above for therapy 
tubes. In general the apparent dimensions of the 
focus may not be much larger here than 4 mm 
square. Then with the radiator cooling described 
powers of more than | kW can be dissipated con- 
tinuously without the temperature of the anode 
exceeding the permissible value. 
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1537: A. Claassen and J. Visser: The volumet- 
ric determination of titanium (Rec. Trav. 
chim. Pays Bas 60, 213-223, Mar. 1941). 
(Original in German). 

If provision is made for the entire absence of 
oxygen in the solutions, especially in the titration 
liquid, in the titration of trivalent titanium with 
solutions of ferric salts, results can be obtained 
which are accurate to within 0.1 percent, if one 
simply uses the theoretical iron content of the ti- 
tration liquid. Too low values are, however, found 
if the titration is carried out at temperatures above 
40 °C. It is advisable to use the cadmium reducer 
proposed by Treadwell for reducing the titanium. 
In order to determine iron volumetrically in ad- 
dition to titanium it is best to apply the reduction 
in the silver reducer. 


1538: K. F. Niessen: On the acoustic analogue 
of Sommerfeld’s surface wave (Physica 8, 


337-343, Mar. 1941). (Original in German). 


If the sound wave of a loud speaker is propagated 
in the neighbourhood of a flat surface of a porous 
material, the wave front of the sound always dips 
forward, no matter how close the loud speaker is 
placed to the surface. This must not be explained 
in the experiments of Janovsky and Spandéck 
discussed in this article on the basis of the acoustic 
analogue to the space radiation according to Som- 
merfeld, but with the help of the analogy with its 
surface wave. Use should here be made of the 
analogy indicated by Schuster of the dielectric 
constant and the conductivity. 


1539: J, L. Snoek: The determining factors of 
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permeability (Physica 8, 344-346, Mar. 
1941). 

The concept defended in 1936 by the author 

(cf. 1078), that for homogeneous annealed alloys 

the permeability depends only upon the internal 


stresses and the crystal anisotropy, has since been 


confirmed by investigations of Grabbe on slowly . 


cooled nickel-iron alloys, and of Williams and 
Bozorth on single crystals of iron and silicon-iron. 
In contrast to this, however, the experiments which 
Snoek and Rathenau recently carried out on 
cold worked nickel-iron alloys do not show the least 
agreement with this concept. It is highly probable 
that some unknown factor is here involved. 


1540: J. F. Schouten: De 
Seebeck met de sirene en de acoustische wet 
van Ohm (Ned. T. Natuurk. 8, 154-165, Apr. 
1941) (Seebeck’s experiments with the 
siren and Ohm’s acoustic law). 


experimenten van 


Various investigations on the perception of 
sounds which were carried out by Seebeck with 
his siren in 1841 and which at that time led to a 
lively discussion, since according to him they could 
not be explained by the acoustic law then proposed 
by Ohm, were repeated by the writer and confirmed. 
It is found that on the basis of modern insight into 
subjective sound analysis (cf. Philips techn. Rev. 5, 
286, 1940) these phenomena can easily be explained 
and that the explanation lies in the direction in 
which Seebeck sought it 100 years ago. 


1541: K. F. Niessen: On the testing of Pauling’s 
hypothesis about the binding of the atoms 
in metals (Physica 8, 377-386, Apr. 1941). 


(Original in German). 


An attempt is made to find a confirmation of 
Pauling’s hypothesis about the binding of the 
atoms in the metals scandium to copper from the 
measured Curie temperature of nickel. This at- 
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tempt is unsuccessful no matter how the number 
of 3d electrons prescribed by Pauling are distrib- 
uted among the levels of the ferromagnetic elec- 


tron band. 


1542: P. J. Bouma: Physiological optical foun- 
dations of the problems of air-raid protection 
blackout (Physica 8, 398-412, Apr. 1941). 


(Original in German). 


For the main points in the contents of this article 
the reader is referred to Philips techn. Rev. 6, 161, 
June 1941. Furthermore on the basis of new ex- 
perimental data nomograms have been constructed 
from which the relation can be read off between 
the brightness at which a light spot can just be 
observed and the angle of vision at which it is seen. 


1543: P. J. Bouma: The relation between the 
concepts Brightness and “Dunkelleucht- 
dichte”’, etc. (Physica 8, 413-423, Apr. 1941). 


(Original in German). 


For the contents of this article the reader is 


referred to Philips techn. Rev. 6, 161, 1941. 


1544: M. J. O. Strutt and A. van der Ziel: What 
quantities characterize the suitability of an 
electronic tube for the amplification of the 
weakest signals? (Physica 8, 424-425, Apr. 
1941). (Original in German). 


In this article emphasis is laid on the fact that 
the ratio of the input noise resistance to the input 
resistance between control grid and cathode is not 
a suitable quantity for the characterization of the 
usefulness of an amplifier valve for the amplification 
of small signals. More suitable for this purpose is 
the ratio between that part of the noise resistance 
which is a result of fluctuations in the cathode cur- 
rent and that part of the input resistance which 
is a result of the transit times of the electrons in 


the valve (cf. Philips techn. Rev. 6, 178, June 1941). 


